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1. Introduction

Let (R, 2Z) be the the field of real numbers with the multiplicative group
of powers of 2. The elementary theory of (R, 2Z) was determined in [3], with
simple valuation theory as the main tool, and [3] also shows that in (R, 2Z),
each definable relation is a boolean combination of existentially definable
relations. But multiplicative groups like 2Q ⊆ R>0 and 2Z3Z ⊆ R>0 could
not be handled in this way. Using Mann [12], Zilber [21] axiomatized (C,U)
where U is the multiplicative group of roots of unity in the field C of complex
numbers. In [22] he showed that in (R,U) each definable relation is a boolean
combination of existentially definable relations.

Here we extend these results to all multiplicative groups in C and R of
finite rank. (The rank of an abelian group G is the dimension of the Q-
vector space G⊗Q, where G is viewed as Z-module and the tensor product
is that of Z-modules. So the groups 2Z, 2Q, 2Z3Z, U have ranks 1, 1, 2, 0.)

A fundamental fact about these multiplicative groups of finite rank is that
they have the Mann Property. To define this property, let K be a field
and G a subgroup of its multiplicative group K×. Consider an equation

(∗) a1x1 + · · ·+ anxn = 1

with n ≥ 2 and nonzero coefficients a1, . . . , an in the prime field of K. A
solution of (∗) in G is a tuple (g1, . . . , gn) ∈ Gn such that

a1g1 + · · ·+ angn = 1,

and a nondegenerate solution of (∗) in G is a solution (g1, . . . , gn) of (∗) in
G such that

∑
i∈I aigi 6= 0 for each nonempty subset I of {1, . . . , n}. We say

that G has the Mann property (in K) if every equation (∗) has only finitely
many nondegenerate solutions in G. We call it by this name because Mann
[12] showed that U has the Mann property in C. Some twenty years later
came the proof of the deeper theorem that any multiplicative group of finite
rank in any field of characteristic 0 has the Mann property; see [17], [6], [10].
Mann’s proof, however, has the virtue of being effective: for any equation
(∗) with rational ai it constructs all nondegenerate solutions in U.

Our results concern mainly the model theory of structures (K,G) where
K is algebraically closed or real closed, and where G is only assumed to have
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the Mann property, with “finite rank” as a special case. (A natural example
of infinite rank is (C, expA) where A ⊆ C is the field of algebraic numbers.)
Here are precise statements of some of these results.

Proposition 1.1. For algebraically closed K, the following are equivalent:
(1) G has the Mann Property;
(2) for every algebraic set V ⊆ Kn its trace V ∩Gn is a finite union of

cosets of subgroups of Gn;
(3) for every X ⊆ Kn that is definable in (K,G) its trace X ∩ Gn is

definable in the group G.

Speaking informally, this result says that, for G, the Mann Property and the
Mordell-Lang property are equivalent; in this connection, see also Pillay [15].
The subgroups of Gn in (2) come from a finite collection of subgroups of Gn

that can be specified in advance in terms of n and a bound on the degree of
the polynomials that define V ; see Section 5 for details.

In (3) we view (K,G) as an L(U)-structure where L is the language of
rings and U is a unary relation symbol whose interpretation in the structure
(K,G) is the subset G of K.

Let Γ be a subgroup of C× with the Mann property. In order to describe
the elementary theory of (C,Γ) we add a name for each γ ∈ Γ, and for
convenience we denote this name also by γ. For each equation

a1x1 + · · ·+ anxn = 1 (n ≥ 2, a1, . . . , an ∈ Q×)

take a finite list of its nondegenerate solutions in Γ,

γ1 = (γ11, . . . , γ1n), . . . , γk = (γk1, . . . , γkn),

and let the corresponding Mann axiom of Γ be the sentence

∀y
[(
U(y) ∧

n∑
i=1

aiyi = 1 ∧
∧
I

∑
i∈I

aiyi 6= 0
)
−→

k∨
j=1

y = γj

]
in the language L(U) with names for the elements of Γ, where y = (y1, . . . , yn)
is a tuple of distinct variables, U(y) abbreviates U(y1) ∧ · · · ∧ U(yn), the
conjunction

∧
I is over all nonempty I ⊆ {1, . . . , n}, “

∑n
i=1 aiyi = 1” and

“
∑

i∈I aiyi 6= 0” represent certain obvious formulas in the language of rings,
and y = γj abbreviates y1 = γj1 ∧ · · · ∧ yn = γjn. We view

(
C,Γ, (γ)γ∈Γ

)
as a structure for the language L(U) with names for the elements of Γ.
The following yields a complete axiomatization of the elementary theory of(
C,Γ, (γ)γ∈Γ

)
.

Theorem 1.2. Let K be an algebraically closed field of characteristic 0, let
G be a subgroup of K×, and let a map γ 7→ γ′ : Γ → G be given. Then(
K,G, (γ′)γ∈Γ

)
≡

(
C,Γ, (γ)γ∈Γ

)
if and only if

•
(
G, (γ′)γ∈Γ

)
≡

(
Γ, (γ)γ∈Γ

)
as groups with distinguished elements;

•
(
K,G, (γ′)γ∈Γ

)
satisfies the Mann axioms of Γ.
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This theorem is proved in a stronger form in Section 6, where we also describe
the definable sets of (K,G), and show that various stability conditions on
the group G are inherited by (K,G).

To state analogous results with R instead of C we define for any abelian
multiplicatively written group G and positive integer d,

G[d] := {gd : g ∈ G} (its subgroup of dth powers),

with the corresponding elementary invariant

[d]G :=
{
|G/G[d]| if G/G[d] is finite,
∞ otherwise.

Let Γ be a dense subgroup of the positive multiplicative group R>0 of R,
and suppose Γ has the Mann property. We consider (R,Γ) as a structure for
the language Lo(U) of ordered rings with a unary relation symbol U , and
construe

(
R,Γ, (γ)γ∈Γ

)
as a structure for the language Lo(U) augmented by

names for the elements of Γ. In Section 7 we prove:

Theorem 1.3. Let K be a real closed ordered field, let G be a dense subgroup
of K>0, and let a group homomorphism γ 7→ γ′ : Γ → G be given. Then(
K,G, (γ′)γ∈Γ

)
≡

(
R,Γ, (γ)γ∈Γ

)
if and only if

• for each γ ∈ Γ and each prime number p, if γ is not a pth power in
Γ, then γ′ is not a pth power in G ;
• [p]G = [p]Γ for each prime number p ;
• for all a1, . . . , an ∈ Z and γ1, . . . , γn ∈ Γ,

a1γ1 + · · ·+ anγn > 0⇐⇒ a1γ
′
1 + · · ·+ anγ

′
n > 0 ;

•
(
K,G, (γ′)γ∈Γ

)
satisfies the Mann axioms of Γ.

We also include results about the definable sets in (R,Γ) and the induced
structure on Γ when Γ is divisible.

In Section 8 we indicate cases where the Mann property holds effectively,
with decidability of some of the above theories as a consequence. One such
case is τ(k×) where τ : k → W [k] is the Teichmüller character of a perfect
field k of characteristic p > 0; this relates to an issue left over from [5]. We
discuss the positive characteristic case at the end of Section 8.

Originally we also planned to include results on (R,Γ) where Γ is a subgroup
of C× with the Mann property. (Here C is identified with R2 in the usual way
so that Γ becomes a binary relation on R.) But we were informed that the
case of main interest, where Γ is a subgroup of the unit circle, will be treated
in a paper by O. Belegradek and B. Zilber; see also [22] for Γ = U. Their
interest in this topic is connected with an attempt to understand quantum
tori model-theoretically. To minimize overlap and because we were not aware
of this connection, we decided not to execute this plan.

We thank Alex Berenstein, Clifton Ealy, David Marker, Chris Miller,
Anand Pillay, and Boris Zilber for discussions related to this paper.
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Conventions, Notations, and two Facts. Throughout, m and n (some-
times subscripted) range over N = {0, 1, 2, . . . }. “Definable” will mean “de-
finable with parameters” unless indicated otherwise. We let |X| denote the
cardinality of a set X. Given sets X and Y we write

f : X n−→ Y

to indicate that f is a map from X to the power set of Y such that |f(x)| ≤ n
for all x ∈ X. For such an f its graph is by definition the set

{(x, y) ∈ X × Y : y ∈ f(x)},
and for S ⊆ X we put f(S) :=

⋃
x∈S f(x). If X and Y are definable in a

structure M, then such an f is said to be definable inM if its graph is.

In Section 4 the notion of a positive formula becomes relevant. To define it
we specify our logical symbols to be the nullary relation symbols > and ⊥
(for “true” and “false”, respectively), in addition to the usual connectives
¬, ∧, ∨, the quantifiers ∃,∀, and the binary relation symbol =.

We now define positive formulas to be formulas that do not contain the
negation symbol ¬; they may contain ⊥.

To prove that in certain theories the formulas are equivalent to formulas of
a very special form we shall sometimes use the following consequence of the
Stone representation theorem.

Fact 1. Let B be a boolean algebra and S(B) its Stone space of ultrafilters.
Let Ψ ⊆ B and suppose that the map F 7→ F ∩ Ψ : S(B) → P(Ψ) is
injective. Then Ψ generates B as a boolean algebra.

From field theory we shall use the notions of linear disjointness, freeness,
and regular extension, in particular the following result from [9], p. 367.

Fact 2. Let E,K,L be subfields of a field Ω such that E ⊆ K, E ⊆ L, and
K is a regular extension of E. If K and L are free over E, then they are
linearly disjoint over E.

If K is a field, then Kac is its algebraic closure in the field theoretic sense.
If K is an ordered field, then Krc is its real closure.

Let M = (M, . . . ) be a structure and A ⊆ M . Then acl(A) ⊆ M is the
model-theoretic algebraic closure of A in M. If A = (A, . . . ) is a substruc-
ture ofM, then acl(A) is the substructure ofM with underlying set acl(A).

2. Small sets in a structure

This section resembles Section 1 of [4]. In the background is the fact
(Lemma 6.1) that if a multiplicative group G in an algebraically closed field
K has the Mann property, then G is small in K in a certain technical sense.
Here we treat this notion of smallness in a general model-theoretic setting.

Below, L is a language, M = (M, . . . ) is an L-structure, and G ⊆ M . If
f(Gm) = M for some m,n and some f : Mm n−→M definable inM, we call
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G large in M, and otherwise we call G small in M. In particular, if M is
infinite and |G| < |M |, then G is small inM. We also say that a set S ⊆M
is G-bound (in M) if S ⊆ f(Gm) for some m,n and some f : Mm n−→ M
definable inM. Note that the union of two G-bound sets is again G-bound,
and that if f : Mm n−→ M is definable in M and S1, . . . , Sm ⊆ M are
G-bound, then f(S1× · · · ×Sm) is G-bound. (It came to our attention that
Casanovas and Ziegler [2] have another notion of small. It is easy to see that
their notion is equivalent to ours for strongly minimalM.)

We use many-valued functions in these definitions because the proof of
Lemma 2.2 below would not work with single-valued functions. However,
see Lemma 2.4 for the case of algebraically closed fields.

Lemma 2.1. If G is small in M and b ∈M , then G ∪ {b} is small in M.

Proof. Let b ∈M \G and fix some m. For I ⊆ {1, . . . ,m}, put

G(I) := {(a1, . . . , am) ∈ (G ∪ {b})m : ai ∈ G for i ∈ I, aj = b for j /∈ I},

so there is a definable bijection between G(I) and G|I|, and

(G ∪ {b})m =
⋃

I⊆{1,...,m}

G(I).

Hence, if f : Mm n−→M is definable inM, then

f
(
(G ∪ {b})m

)
=

⋃
I

f
(
G(I)

)
is clearly G-bound. �

Let U be a new unary relation symbol, and consider the L(U)-structure
(M, G). Smallness is a first-order property in the language L(U): there is a
set of L(U)-sentences whose models are exactly the L(U)-structures (M, G)
such that G is small inM. Thus if G is small inM, and the L(U)-structures
(M, G) and (M′, G′) are elementarily equivalent, then G′ is small inM′.

Lemma 2.2. Suppose G is small in M, and the L(U)-structure (M, G) is
κ-saturated where κ > |L|. Then:

(1) Suppose (Si)i∈I is a family of G-bound subsets of M with |I| < κ.
Then

⋃
i∈I Si is small in M.

(2) Suppose S ⊆M and |S| < κ. Then acl(G ∪ S) is small in M.
(3) There is a sequence (bα)α<κ in M such that no bγ is algebraic over

G ∪ {bα : α < γ} in M.

Proof. For (1), we can assume towards a contradiction that f : Mm n−→M
is definable inM and M = f

(
(∪iSi)m

)
, with each Si of the form gi(Gmi) for

some gi : Mmi
ni−→ M definable in M. Then M =

⋃
f(Si(1) × · · · × Si(m))

where the union is over all tuples (i(1), . . . , i(m)) ∈ Im. Since each set
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f(Si(1) × · · · × Si(m)) is definable in (M, G), it follows by the κ-saturation
of (M, G) that there is a finite J ⊆ Im such that

M =
⋃

(i(1),...,i(m))∈J

f(Si(1) × · · · × Si(m)),

so M would be G-bound.
Now (2) follows from (1) by noting that

acl(G ∪ S) =
⋃

m,n,f

f(Gm)

where the union is over all m,n, f with f : Mm n−→ M definable in M
over S. Property (3) follows by an obvious transfinite construction using
the previous lemma and (2). �

We can now generalize a theorem of Keisler [8]:

Proposition 2.3. Let T be an L-theory with QE whose models are infinite
and strongly minimal. Let M and N be models of T with substructures
G = (G, . . . ) and H = (H, . . . ), such that

(i) G is small in M and H is small in N ;
(ii) G ≡ H and M≡ N .

Then (M, G) ≡ (N ,H).

Proof. First some easy observations. Let i : C ∼= D be an isomorphism
between substructures C ofM and D of N . Then

(a) i extends to an isomorphism acl(C) ∼= acl(D);
(b) if x ∈M \acl(C) and y ∈ N \acl(D), then i extends to an isomorphism

acl(C)(x) ∼= acl(D)(y) that sends x to y.

If the proposition is true for all countable L, then it is clearly true for all
L, so we assume in the rest of the proof that L is countable. With this
assumption it is harmless to assume also CH, so we can reduce to the case
that (M, G) and (N ,H) are saturated and of cardinality ℵ1. Then G and
H are ℵ1-saturated, and thus either both finite, or both of cardinality ℵ1.
So we have an isomorphism e : G ∼= H. Take a basis X ofM over G, and a
basis Y of N over H. By (3) of the previous lemma we have |X| = |Y | = ℵ1.
Hence by the observations at the beginning of the proof we can extend e
to an isomorphism G(X) ∼= H(Y ), and such an isomorphism extends to an
isomorphism acl(G(X)) = M ∼= acl(H(Y )) = N . This last isomorphism is
an isomorphism (M, G) ∼= (N ,H). �

The proof yields more: Let the language L∗ extend L by relation symbols
and constant symbols. With the assumptions of the proposition, assume
that G∗ and H∗ are L∗-expansions of G and H such that G∗ ≡ H∗. Then
(M,G∗) ≡ (N ,H∗) as L∗(U)-structures.

If M is an algebraically closed field, then the many-valued functions in the
definition of “small” can be replaced by ordinary functions:
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Lemma 2.4. Let K be an algebraically closed field and suppose G ⊆ K is
large in K. Then there is a function F : K` → K, definable in K, such that
F (G`) = K.

Proof. Take f : Km n−→ K definable in K such that f(Gm) = K. We can
easily arrange that |f(a)| = n for all a ∈ Km. Let σ1, . . . , σn be the elemen-
tary symmetric polynomials in n indeterminates, and define fi : Km → K
by fi(a) = σi(b1, . . . , bn) where f(a) = {b1, . . . , bn}. Then there is for each
b ∈ K an a ∈ Gm such that bn + f1(a)bn−1 + · · ·+ fn(a) = 0. Let E be the
subfield of K generated by f1(Gm)∪ · · · ∪ fn(Gm). Then by the above, each
b ∈ K is separably algebraic of degree ≤ n over E, and thus [K : E] ≤ n.
By mimicking how E is generated by addition, multiplication, and division
from f1(Gm) ∪ · · · ∪ fn(Gm), and using a (finite) basis of K as vector space
over E, we obtain functions Fi : Kmi → K, each definable in K, with i
ranging over a countable index set I, such that

K =
⋃
i∈I

Fi(Gmi).

We could have assumed from the outset of this proof that (K,G) is ℵ1-
saturated, so that K =

⋃
i∈I0

Fi(Gmi) for a finite subset I0 of I. The finitely
many functions Fi with i ∈ I0 easily yield a single function F : K` → K as
desired. �

Remark. Suppose F is a subfield of the algebraically closed fieldK. Then F
is large in K if and only if F = K, or F is a real closed field and [K : F ] = 2.
This follows from a theorem of E. Artin; see Lemma 3.1 in [8].

3. Algebraically closed fields with a multiplicative set

From now on in this paper L = {0, 1,+,−, ·} is the language of rings. We
shall also use its sublanguage Lm := {1, ·} of multiplicative monoids.

Throughout this section K is an algebraically closed field, with prime
field F, and G is a multiplicative set in K, that is, G is a subset of K that
contains 1 and is closed under multiplication. (For example, any subring of
K is a multiplicative set in K.) We consider G as an Lm-structure in the
obvious way. The addition of K also leaves a trace on G, and to deal with
that we extend Lm to the language

Lm(Σ) := {1, ·} ∪ {Σk : k ∈ Zn, n = 1, 2, . . . }
of multiplicative monoids with additive relations: here Σk is an n-ary relation
symbol for k = (k1, . . . , kn) ∈ Zn. We expand the monoid G to an Lm(Σ)-
structure G(Σ) by interpreting Σk as the n-ary relation

{(g1, . . . , gn) ∈ Gn : k1g1 + · · ·+ kngn = 0}
on G. As a special case of Proposition 2.3 we have:

Corollary 3.1. If G is small in K, then Th(K,G) is completely determined
by Th(G(Σ)).
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In other words, if G is small in K, and H is a small multiplicative set in an
algebraically closed field L, then

(K,G) ≡ (L,H) ⇐⇒ G(Σ) ≡ H(Σ).

To see how this follows from 2.3, note that algebraically closed fields can
be construed as Lm(Σ)-structures, that their theory in this language admits
QE, and that the substructures of an algebraically closed field L viewed as
Lm(Σ)-structure are exactly the structures H(Σ) where H is a multiplicative
set in L. Also, the characteristic of an algebraically closed field is determined
by the sentences Σk(1) that it satisfies where 1 ≤ k ∈ Z = Z1.

In the next result G is not assumed to be small in K.

Proposition 3.2. Every subset of Gn definable in (K,G) is definable in the
structure G(Σ).

Proof. Take a |K|+-saturated elementary extension (K ′, G′) of (K,G). Then
K and F(G′) are linearly disjoint over F(G). Let α = (α1, . . . , αn) and
β = (β1, . . . , βn) be in (G′)n such that

tpG′(Σ)(α|G) = tpG′(Σ)(β|G).

By Fact 1, it suffices to prove that then tp(K′,G′)(α|K) = tp(K′,G′)(β|K).
The assumption on α and β gives an automorphism f of G′(Σ) over G that
takes α to β. As f preserves the Σk’s, it extends to a field automorphism
of F(G′) over F(G). By linear disjointness the latter extends to a field
automorphism of K(G′) over K, and hence to an automorphism of K ′ over
K. Therefore tp(K′,G′)(α|K) = tp(K′,G′)(β|K) as desired. �

Remarks.
(1) The proposition deals with a special case of the situation considered

in Proposition 3.1 of [15], but is a bit stronger in that special case.
(2) In case G is a subring of K, Proposition 3.2 says that the subsets of

Gn definable in (K,G) are definable in the ring G.
(3) The proposition fails badly when K is replaced by the field R. For

example, every subset of Z is definable in (R,Z). Also, 2Z3Z has
the Mann property, but is dense in R>0, so has uncountably many
subsets that are definable in (R, 2Z3Z).

Lemma 3.3. Let G′ be a multiplicative subset of G such that G′(Σ) is
existentially closed in G(Σ). Then G ∩ F(G′) = G′ and F(G) is a regular
extension of F(G′).

Proof. Let g ∈ G ∩ F(G′). Then

g =
k1h1 + · · ·+ knhn

`1h1 + · · ·+ `nhn
(n ≥ 1)

where k1, . . . , kn, `1, . . . , `n ∈ Z, h1, . . . , hn ∈ G′, `1h1 + · · ·+ `nhn 6= 0. This
expression for g yields

G(Σ) |= Σk,−`(h1, . . . , hn, gh1, . . . , ghn)
8



where k,−` denotes the tuple (k1, . . . , kn,−`1, . . . ,−`n) ∈ Z2n. Existential
closedness gives g′ ∈ G′ such that

G′(Σ) |= Σk,−`(h1, . . . , hn, g
′h1, . . . , g

′hn).

This in turn yields g = g′. Thus G ∩ F(G′) = G′, as promised.
Next, let a ∈ F(G) be algebraic over F(G′). We claim that then a ∈ F(G′).

To see this, let Xm + c1X
m−1 + · · · + cm with c1, . . . , cm ∈ F(G′) be the

minimum polynomial of a over F(G′). We have

ci =
ki1h1 + · · ·+ kinhn

k1h1 + · · ·+ knhn
(i = 1, . . . ,m)

for suitable n ≥ 1 and k1, . . . , kn, ki1, . . . , kin ∈ Z and h1, . . . , hn ∈ G′, with
k1h1 + · · ·+ knhn 6= 0. By taking n large enough we can also assume

a =
`′1g1 + · · ·+ `′ngn

`1g1 + · · ·+ `ngn

where `1, . . . , `n, `′1, . . . , `
′
n ∈ Z, g1, . . . , gn ∈ G, and `1g1 + · · · + `ngn 6= 0.

Substituting these expressions in the equality am + c1a
m−1 + · · ·+ cm = 0,

clearing denominators, and multiplying out, this equality leads to

G(Σ) |= θ(g1, . . . , gn, h1, . . . , hn)

where θ(x1, . . . , xn, y1, . . . , yn) is a certain atomic Lm(Σ)-formula. This gives
g′1, . . . , g

′
n ∈ G′ such that, with ` = (`1, . . . , `n):

G′(Σ) |= ¬Σ`(g′1, . . . , g
′
n) ∧ θ(g′1, . . . , g′n, h1, . . . , hn),

which in turn yields an element

a′ :=
`′1g

′
1 + · · ·+ `′ng

′
n

`1g′1 + · · ·+ `ng′n

in F(G′) such that a′m + c1a
′m−1 + · · ·+ cm = 0, so m = 1 and a = a′.

We are done in case K has characteristic 0. Suppose K has characteristic
p > 0, so F = Fp. It remains to show that then the subfields F(G)p and F(G′)
of F(G) are linearly disjoint over F(G′)p. Let c1, . . . , cm ∈ F(G′) be linearly
dependent over F(G)p, so ap

1c1 + · · · + ap
mcm = 0 where a1, . . . , am ∈ F(G)

are not all zero. It suffices to obtain a′1, . . . , a
′
m ∈ F(G′), not all zero, such

that a′p1 c1 + · · ·+ a′pmcm = 0. This is done along the same lines as we proved
that F(G′) is algebraically closed in F(G). �

Back-and-forth. Suppose that G is small in K and the L(U)-structure
(K,G) is κ-saturated where κ is uncountable. Let Sub(K,G) be the collec-
tion of L(U)-structures (K ′, G′) where K ′ is an algebraically closed subfield
of K of cardinality < κ, G′ is a multiplicative set in K ′ such that G′ ⊆ G
and G′(Σ) � G(Σ), and K ′ and F(G) are free over F(G′).

Consider an element (K ′, G′) ∈ Sub(K,G). By Lemma 3.3 the field F(G)
is a regular extension of F(G′), and thus by Fact 2, K ′ and F(G) are linearly
disjoint over F(G′). Using also the other part of Lemma 3.3 we conclude
that (K ′, G′) ⊆ (K,G).
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Let L be a second algebraically closed field and H a small multiplicative
set in L such that (L,H) is κ-saturated, and define Sub(L,H) likewise. Let
I be the set of all isomorphisms ι : (K ′, G′) ∼= (L′,H ′) where (K ′, G′) ∈
Sub(K,G) and (L′,H ′) ∈ Sub(L,H). (Possibly I = ∅.) These definitions
and the next lemma are inspired by Section 2 of [4].

Lemma 3.4. I is a back-and-forth system.

Proof. Let ι : (K ′, G′)→ (L′,H ′) be in I and let α ∈ K \K ′; our task is to
find an extension of ι in I that contains α in its domain. We can assume K
and L have the same prime field F. We distinguish three cases:

(1) α ∈ G: Take a multiplicative subset G′′ of G of cardinality < κ such
that G′∪{α} ⊆ G′′, and G′′(Σ) � G(Σ). Then K ′(G′′) and F(G) are linearly
disjoint over F(G′′). Put K ′′ := K ′(G′′)ac, so (K ′′, G′′) ∈ Sub(K,G).

SinceH(Σ) is κ-saturated, we can extend ι|G′ to an isomorphism G′′(Σ) ∼=
H ′′(Σ) where H ′′ is a multiplicative subset of H such that H ′ ⊆ H ′′ and
H ′′(Σ) � G(Σ). This isomorphism extends to a field isomorphism F(G′′) ∼=
F(H ′′), and by the linear disjointness of K ′′ and F(G) over F(G′′), it extends
further to a field isomorphism K ′′ ∼= L′′ := L′(H ′′)ac that belongs to I.

(2) α ∈ K ′(G)ac: Then α ∈ K ′(g1, . . . , gn)ac for suitable g1, . . . , gn ∈ G.
Applying the previous construction n times in succession yields the desired
isomorphism in I.

(3) α /∈ K ′(G)ac: Then (K ′(α)ac, G′) ∈ Sub(K,G). By part (2) of
Lemma 2.2 we have L′(H)ac 6= L, so we can choose β ∈ L \ L′(H)ac. Then
(L′(β)ac,H ′) ∈ Sub(L,H) and ι extends to a field isomorphism K ′(α)ac ∼=
L′(β)ac that sends α to β and belongs to I. �

Here are some consequences of Lemma 3.4 and its proof:

Corollary 3.5. Suppose G is small in K and the Lm(Σ)-structure G(Σ) is
ω-stable. Then the L(U)-structure (K,G) is ω-stable.

Proof. We can assume that (K,G) is ℵ1-saturated and (K ′, G′) is a countable
elementary substructure; it remains to show that then the elements of K
realize only countably many different 1-types in (K,G) over K ′. By the
proof of Lemma 3.4, all elements of K not in K ′(G)ac realize the same
type in (K,G) over K ′. Next, let α ∈ K ′(G)ac. Take g1, . . . , gn ∈ G such
that α ∈ K ′(g1, . . . , gn)ac. Now that same proof shows that the type of
α in (K,G) over K ′ is completely determined by the type of (g1, ..., gn) in
G(Σ) over G′(Σ) and the specification of a polynomial P (X1, ..., Xn, Y ) ∈
K ′[X1, ..., Xn, Y ] such that P (g1, ..., gn, Y ) ∈ K ′(g1, ..., gn)[Y ] is irreducible
and P (g1, ..., gn, α) = 0. This leaves only countably many possibilities for
the type of α in (K,G) over K ′. �

In a similar way we obtain:

Corollary 3.6. If G is small in K and G(Σ) is superstable (stable), then
(K,G) is superstable (respectively, stable).
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Corollary 3.7. Let G be small in K, and let K ′ be an algebraically closed
subfield of K with a multiplicative subset G′ that is small in K ′. Suppose
G′ ⊆ G with G′(Σ) � G(Σ), and K ′ and F(G) are free over F(G′) in K.
Then (K ′, G′) � (K,G).

Proof. Take an uncountable cardinal κ > |K ′| and a κ-saturated elementary
extension (L,H) of (K ′, G′). Note that then (K ′, G′) ∈ Sub(L,H). By
passing to an elementary extension of (K,G) we can also assume that (K,G)
is κ-saturated, so (K ′, G′) ∈ Sub(K,G). The identity map on K ′ belongs to
the back-and-forth system I of Lemma 3.4. Hence (K,G) and (L,H) are
elementarily equivalent over K ′. Thus (K ′, G′) � (K,G). �

A relative quantifier elimination. Let ACF(m) be the L(U)-theory
whose models are the structures (K,G) where K is an algebraically closed
field and G a small multiplicative set in K. To eliminate quantifiers for
ACF(m) we extend this theory by definitions to an L(U,Σ)-theory ACF(m,Σ)
by adding for each k ∈ Zn with n ≥ 1 the n-ary relation symbol Σk with its
defining axiom

∀y
(
Σk(y)←→ U(y) ∧ k1y1 + · · ·+ knyn = 0

)
where y = (y1, . . . , yn) is a tuple of distinct variables and U(y) abbreviates
the formula U(y1)∧· · ·∧U(yn). Thus each model (K,G) of ACF(m) expands
uniquely to a model of ACF(m,Σ), and we shall denote this expansion also
by (K,G), although (K,G(Σ)) might be more correct.

Note that L(U,Σ) contains Lm(Σ) as a sublanguage. The U -restriction of
an Lm(Σ)-formula θ is the L(U,Σ)-formula θU defined recursively as follows:

if θ is atomic, then θU := θ, if θ = ¬θ′, then θU := ¬θ′U ,
if θ = θ′ ∧ θ′′, then θU := θ′U ∧ θ′′U , if θ = θ′ ∨ θ′′, then θU := θ′U ∨ θ′′U ,

if θ = ∃xθ′, then θU := ∃x(U(x) ∧ θ′U ),

if θ = ∀xθ′, then θU := ∀x(U(x)→ θ′U ).

Note that for an Lm(Σ)-formula θ(y) with y = (y1, . . . , yn), a model (K,G)
of ACF(m,Σ), and g ∈ Gn we have

G(Σ) |= θ(g) ⇐⇒ (K,G) |= θU (g).

Let x = (x1, . . . , xm) be a tuple of distinct variables. A special formula in x
is by definition an L(U,Σ)-formula η(x) of the form

∃y
(
U(y) ∧ θU (y) ∧ φ(x, y)

)
for some Lm(Σ)-formula θ(y) and some L-formula φ(x, y), y = (y1, . . . , yn).
We now have the following analogue of Theorem 1 in [4].

Theorem 3.8. Each L(U,Σ)-formula ψ(x) is equivalent in ACF(m,Σ) to
a boolean combination of special formulas in x.
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Proof. Let (K,G) |= ACF(m,Σ) and (L,H) |= ACF(m,Σ) be ℵ1-saturated,
and let α = (α1, . . . , αm) ∈ Km, and β = (β1, . . . , βm) ∈ Lm satisfy (in
(K,G) and (L,H), respectively) the same special formulas in x. So K and
L have the same characteristic, and thus the same prime field F (without
loss). Using Fact 1, it suffices to derive from this assumption that

tp(K,G)(α) = tp(L,H)(β).

Let F(G)(α) have transcendence degree r over F(G); we can assume that
α1, . . . , αr are algebraically independent over F(G). We claim that then
F(H)(β) has transcendence degree r over F(H), and that β1, . . . , βr are al-
gebraically independent over F(H). Suppose β1, . . . , βr are not algebraically
independent over F(H), say, βr ∈ F(H)(β1, . . . , βr−1)ac. Then we have an
L-formula ϕ(x1, . . . , xr, y) with y = (y1, . . . , yn), an h ∈ Hn, and an N ∈ N
such that

L |= ϕ(β1, . . . , βr, h) ∧ ∃≤Nxrϕ(β1, . . . , βr−1, xr, h),

hence (L,H) |= ∃y
(
U(y) ∧ ϕ(β1, . . . , βr, y) ∧ ∃≤Nxrϕ(β1, . . . , βr−1, xr, y)

)
,

and thus (K,G) |= ∃y
(
U(y)∧ϕ(α1, . . . , αr, y)∧∃≤Nxrϕ(α1, . . . , αr−1, xr, y)

)
,

contradicting that α1, . . . , αr are algebraically independent over F(G). This
proves our claim.

Take a countable multiplicative subset G′ of G such that G′(Σ) � G(Σ)
and F(G′)(α) has transcendence degree r over F(G′), let g = (g0, g1, g2, . . . )
be an enumeration of G′, and y = (y0, y1, y2, . . . ) a list of distinct variables.
Note that if θ1(y), . . . , θk(y) are Lm(Σ)-formulas and ϕ1(x, y), . . . , ϕk(x, y)
are L-formulas such that G(Σ) |= θj(g) and K |= ϕj(α, g) for j = 1, . . . , k,
then

(K,G) |= ∃y(U(y) ∧ θU (y) ∧ ϕ(α, y)), where

θ(y) :=
∧
j

θj(y), ϕ(x, y) :=
∧
j

ϕj(x, y).

so (L,H) |= ∃y(U(y)∧θU (y)∧ϕ(β, y)). Hence we have a partial y-type over
β in (L,H) consisting of the formulas U(yi) for i = 0, 1, 2, . . . , the formulas
θU (y) such that G(Σ) |= θ(g) with θ(y) an Lm(Σ)-formula, and the formulas
ϕ(β, y) such that (K,G) |= ϕ(α, g) with ϕ(x, y) an L-formula. Let h =
(h0, h1, h2, . . . ) realize this y-type in (L,H). Note that this yields a partial
elementary map between G(Σ) and H(Σ) given by gi 7→ hi, i = 0, 1, 2, . . . .
Put H ′ := {h0, h1, . . . }. Then H ′ is a multiplicative subset of H such that
H ′(Σ) � H(Σ), and we have a field isomorphism ι : F(G′)(α) ∼= F(H ′)(β)
sending each gi to hi and each αj to βj . Put K ′ := F(G′)(α)ac and L′ :=
F(H ′)(β)ac. Then (K ′, G′) ∈ Sub(K,G) and (L′,H ′) ∈ Sub(L,H) (taking
κ = ℵ1 in the subsection on back-and-forth) and we have an isomorphism
(K ′, G′) ∼= (L′,H ′) that extends ι. This isomorphism carries α to β and
belongs to the back-and-forth system I, so we are done. �

12



Multiplicative sets with extra structure. All the above in this section
goes through when our multiplicative sets are equipped with extra structure.
To make this precise, let L∗m be a language that extends Lm only by relation
symbols and constant symbols. We assume that the symbols of L∗m \Lm are
all outside L(U,Σ).

Let G∗ be an L∗m-expansion of the multiplicative monoid G, and construe
(K,G∗) as an L∗(U)-structure, where L∗(U) is obtained from the language
L(U) by adding the symbols of L∗m \ Lm. We also use the language

L∗m(Σ) := L∗m ∪ {Σk : k ∈ Zn, n = 1, 2, . . . }.
Expand G∗ to the L∗m(Σ)-structure G∗(Σ) by interpreting Σk as earlier in
this section. The proofs of Corollary 3.1 and Proposition 3.2 go through
almost without change in the present setting and yield:

Corollary 3.9. If G is small in K, then Th(K,G∗) is completely determined
by Th(G∗(Σ)).

Proposition 3.10. Every subset of Gn definable in (K,G∗) is definable in
G∗(Σ).

Next we consider the language

L∗(U,Σ) := L∗(U) ∪ {Σk : k ∈ Zn, n = 1, 2, . . . },
and the theory ACF∗(m,Σ) in this language, whose models are the structures
(K,G∗(Σ)) where G is a small multiplicative set in an algebraically closed
field K and G∗ is an expansion of the multiplicative monoid G to an L∗m-
structure. The U -restriction of an L∗m(Σ)-formula θ is the formula θU of
L∗(U,Σ) defined by the same recursive clauses as before.

Let x = (x1, . . . , xm) be a tuple of distinct variables. A special formula in
x is now an L∗(U,Σ)-formula η(x) of the form

∃y
(
U(y) ∧ θU (y) ∧ φ(x, y)

)
for some L∗m(Σ)-formula θ(y) and some L-formula φ(x, y), y = (y1, . . . , yn).
Then we have the following generalization of Theorem 3.8 :

Theorem 3.11. Each L∗(U,Σ)-formula ψ(x) is equivalent in ACF∗(m,Σ)
to a boolean combination of special formulas in x.

4. Elimination theory for group actions

Here we establish some very basic facts on group actions. This will be used
in the next section to derive the Mordell-Lang property from the Mann
property. We do a bit more than needed for this application because it
requires no more work and group actions are ubiquitous in mathematics.

Throughout this section G is a multiplicatively written group with iden-
tity 1, not necessarily commutative, and g (sometimes with a subscript or
accent) ranges over elements of G. By a G-set we shall mean a nonempty
set P together with an action (g, p) 7→ gp : G × P → P . The language of
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G-sets has for each g a unary function symbol also denoted by g; the theory
of G-sets in this language has as its models the G-sets P with each function
symbol g interpreted as the bijection p 7→ gp. The augmented language of
G-sets has, in addition to these function symbols g, for each finitely gen-
erated subgroup F of G a nullary relation symbol sF , and the augmented
theory of G-sets is obtained from the theory of G-sets by adding for each F
as above a defining axiom

sF ←→ ∃y(f1y = · · · = fny = y)

where f1, . . . , fn ∈ G generate F . In the rest of this section x1, . . . , xm, y
are distinct variables, and x = (x1, . . . , xm).

Lemma 4.1. Let φ1(x, y), . . . , φk(x, y) be atoms in the augmented language
of G-sets. Then there are atoms ψ1(x), . . . , ψl(x) in this language such that
the theory of augmented G-sets proves the equivalence

∃y
(
φ1(x, y) ∧ · · · ∧ φk(x, y)

)
←→ ψ1(x) ∧ · · · ∧ ψl(x).

Proof. First we reduce to the case that each atom φi(x, y) contains the
variable y. Any atom g1u1 = g2u2 with variables u1, u2, is equivalent to
u1 = gu2 where g = g−1

1 g2. Hence we can assume that each φi(x, y) is of the
form y = gy, or of the form y = gxj with j ∈ {1, . . . ,m}. If, say, φ1(x, y) is
y = gxj , then the desired equivalence is

∃y
(
φ1(x, y) ∧ · · · ∧ φk(x, y)

)
←→ φ2(x, gxj) ∧ · · · ∧ φk(x, gxj).

It remains to consider the case that φi(x, y) is an atom y = giy for i =
1, . . . , k. Then the desired equivalence is

∃y
(
φ1(x, y) ∧ · · · ∧ φk(x, y)

)
←→ sF ,

where F is the subgroup of G generated by g1, . . . , gk. �

It follows that each positive existential formula φ(x) in the augmented lan-
guage of G-sets is equivalent in the augmented theory of G-sets to some
positive quantifier-free formula φ′(x) of this language.

A free G-set is a G-set P such that gp 6= p for all g 6= 1 and all p ∈ P .
The next result is crucial in the proof of Proposition 5.6.

Corollary 4.2. Each positive existential formula φ(x) in the language of G-
sets is equivalent in the theory of free G-sets to some positive quantifier-free
formula φ′(x) in this language.

It will be useful to have a kind of normal form for conjunctions of atoms in
the theory of free G-sets. Let φ(x) be a conjunction of atoms in the language
of G-sets. We consider φ(x) as defining in each G-set P a certain subset of
Pm. If ⊥ is among the atoms of φ(x), then the theory of G-sets proves
¬φ(x), and thus φ(x) defines in each G-set P the empty subset of Pm. So
let us assume that ⊥ is not among the atoms of φ(x). Then the theory of
G-sets proves φ(x) ←→ φ′(x) where φ′(x) is a conjunction of atoms of the
form gxi = g′xj , 1 ≤ i, j ≤ m. Define a graph with vertex set {1, . . . ,m}
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and an edge between i and j iff φ′(x) contains a conjunct gxi = g′xj . Let
I(1), . . . , I(l) be the distinct vertex sets of the connected components of
this graph. Then I(1), . . . , I(l) partition {1, . . . ,m}, and the theory of free
G-sets proves an equivalence

φ(x)←→
∧
λ

[ ∧
i∈I(λ)

xi = gixi(λ)

]
, λ = 1, . . . , l (�)

where i(λ) ∈ I(λ) for each λ. Thus within any block I(λ), each variable xi

with i ∈ I(λ) is equated to a fixed translate of the distinguished variable
xi(λ) of this block.

Example. Suppose m ≥ 7 and φ′(x) has atoms x1 = gx2, x2 = g′x7 and
x7 = g′′x1, and no other atoms involving x1, x2 or x7. Then {1, 2, 7} is a
block of the partition of {1, . . . ,m} figuring in the equivalence (�) above.
Choosing x1 as the distinguished variable of this block, the conjunction
corresponding to this block is

x1 = (gg′g′′)x1 ∧ x2 = (g′g′′)x1 ∧ x7 = g′′x1.

Note that if gg′g′′ 6= 1, then the theory of free G-sets proves ¬φ(x).

It follows from (�) that φ(x) defines in each free G-set P the cartesian
product P (1)× · · · × P (l) ⊆ Pm where

P (λ) := {(pi) ∈ P I(λ) : pi = gipi(λ) for all i ∈ I(λ)}

with the obvious identifications

Pm = P {1,...,m} = P I(1) × · · · × P I(l).

Note that if gi(λ) 6= 1 for some λ, then φ(x) defines in each free G-set P the
empty subset of Pm, while if gi(λ) = 1 for all λ, then φ(x) defines in each
free G-set P a non-empty subset of Pm.

Next we consider the case of the free G-set G, given by the (left) action
(g, h) 7→ gh. To discuss definability with parameters in this G-set, we con-
sider the language of G-sets augmented by a name for the element 1 of the
G-set G; call this the language of G-sets with 1. This name should not be
confused with the unary function symbol 1 of the language of G-sets.

Corollary 4.3. Suppose the nonempty set S ⊆ Gm is defined in G by a
conjunction of atoms in the language of G-sets with 1. Then there are
g1, . . . , gm, a set I(0) ⊆ {1, . . . ,m} (possibly empty), and a partition of
{1, . . . ,m} \ I(0) into distinct sets I(1), . . . , I(l), such that

S = S(0)× S(1)× · · · × S(l) ⊆ GI(0) ×GI(1) × · · · ×GI(l) = Gm, where

S(0) := {(gi)i∈I(0)}, a one-element subset of GI(0), and

S(λ) := {(gig)i∈I(λ) : g ∈ G}, a subset of GI(λ) for λ = 1, . . . , l.
15



Note that if S has just one element we can take I(0) = {1, . . . ,m}, while
for S = Gm we can take I(0) = ∅, l = m and I(λ) = {λ} for λ = 1, . . . ,m.

This is all we need for use in the next section, but for the sake of completeness
we briefly consider also the theory of infinite free G-sets. (If G itself is
infinite, then of course all free G-sets are infinite.) One verifies easily that
for any atoms φ1(x, y), . . . , φk(x, y) in the language of G-sets this theory
proves an equivalence

∀y
(
φ1(x, y) ∨ · · · ∨ φk(x, y)

)
←→ θ1(x) ∨ · · · ∨ θl(x)

for suitable atoms θ1(x), . . . , θl(x) in the language of G-sets. In combination
with Corollary 4.2 this yields:

Corollary 4.4. Every positive formula φ(x) in the language of G-sets is
equivalent in the theory of infinite free G-sets to a positive quantifier-free
formula φ′(x) in that language.

Note also that the theory of infinite free G-sets is κ-categorical for infinite
κ > |G|, in particular, this theory is complete. It is also easy to check that
this theory has elimination of quantifiers in the language of G-sets.

5. The Mann Property

Throughout this section, K is a field, E is a subfield of K, and G is a
subgroup of the multiplicative group K× of K. Consider a linear equation

(∗) a0 = a1x1 + · · ·+ anxn,

where a0, a1, . . . , an ∈ K. A solution of (∗) in G is a tuple (g1, . . . , gn) ∈ Gn

such that a0 = a1g1 + · · ·+angn, and such a solution is said to be nondegen-
erate if

∑
i∈I aigi 6= 0 for each non-empty proper subset I of {1, . . . , n}. In

the homogeneous case a0 = 0 the set of solutions in G and the set of nonde-
generate solutions in G are both unions of orbits with respect to the action
of G on Gn defined by g(g1, . . . , gn) = (gg1, . . . , ggn). (In the introduction
we only considered the inhomogeneous case a0 = 1 with nonzero a1, . . . , an

in the prime field F of K.)

Let us say that G has the Mann property over E if each equation

a1x1 + · · ·+ anxn = 1 (n ≥ 2, a1, . . . , an ∈ E×)

has only finitely many nondegenerate solutions in G. For E = F this is
just the Mann property defined in the introduction. This terminology is
temporary, since the Mann property will be shown to be equivalent to the
Mann property over E. Consider a homogeneous equation

a1x1 + · · ·+ anxn = 0, (a1, . . . , an ∈ E×, n ≥ 1).

Let S ⊆ Gn be its set of solutions in G and Snd its subset of nondegenerate
solutions in G. Then

Snd =
⋃

(g1,...,gn−1)∈S′

(g1, . . . , gn−1, 1)G ⊆ S,
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where S′ is the set of nondegenerate solutions of the equation

a1y1 + · · ·+ an−1yn−1 = −an

in G. If G has the Mann property over E, then S′ is finite, so Snd ⊆ Gn is
then defined in G by the positive quantifier-free formula∨

(g1,...,gn−1)∈S′

x1 = g1xn ∧ · · · ∧ xn−1 = gn−1xn

in the language of G-sets. Here we view G as a G-set by the (left) action
(g, h) 7→ gh. Considering also degenerate solutions of the above homoge-
neous equation, and using the description above inductively, we obtain:

Corollary 5.1. If G has the Mann property over E, then S ⊆ Gn is defined
in G by a positive quantifier-free formula in the language of G-sets.

In view of Proposition 3.2 this yields (1)⇒ (3) of Proposition 1.1:

Corollary 5.2. If K is algebraically closed, G has the Mann property and
X ⊆ Kn is definable in (K,G), then X ∩Gn is definable in the group G.

Next we consider a system of linear equations

a11x1 + · · ·+ a1nxn = b1

.................................

.................................

am1x1 + · · ·+ amnxn = bm

with all aij ∈ E and all bi ∈ E. A solution of this system in G is a tuple
(g1, . . . , gn) ∈ Gn that satisfies the equations of the system. Let S be the
set of solutions in G.

Corollary 5.3. If G has the Mann property over E, then S ⊆ Gn is defined
in G by a positive quantifier-free formula in the language of G-sets with 1,
and in case b1 = · · · = bm = 0, we can take such a formula in the smaller
language of G-sets.

We also need a converse of Corollary 5.1:

Lemma 5.4. Let a1, . . . , an ∈ K× and suppose that the set of solutions in
G of the linear equation a1x1 + · · ·+ anxn = 1 is defined in G by a positive
quantifier-free formula in the language of G-sets with 1. Then this equation
has only finitely many nondegenerate solutions in G.

Proof. Suppose S ⊆ Gn is contained in the solution set of the above equa-
tion, S is defined by a conjunction of atoms in the language of G-sets with
1, and S has more than one element (so G has more than one element). It
suffices to show that then all solutions in S are degenerate. By Corollary 4.3
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we have elements g1, . . . , gn ∈ G, a subset I(0) of {1, . . . , n}, and a partition
of {1, . . . , n} \ I(0) into distinct sets I(1), . . . , I(l), such that

S = S(0)× S(1)× · · · × S(l) ⊆ GI(0) ×GI(1) × · · · ×GI(l) = Gm, where

S(0) := {(gi)i∈I(0)}, a one-element subset of GI(0), and

S(λ) := {(gig)i∈I(λ) : g ∈ G}, a subset of GI(λ) for λ = 1, . . . , l.

Since S has more than one element, I(0) is a proper subset of {1, . . . , n},
hence l ≥ 1. Let (s1, . . . , sn) ∈ S. Then

n∑
i=1

aisi =
∑

i/∈I(1)

aisi +
∑

i∈I(1)

aisig =
∑

i/∈I(1)

aisi + (
∑

i∈I(1)

aisi)g

for all g ∈ G, so a = ag for all g ∈ G, where a :=
∑

i∈I(1) aisi. Hence a = 0,
so (s1, . . . , sn) is a degenerate solution. �

We can now prove:

Lemma 5.5. Suppose that G ⊆ E× and G has the Mann property over E.
Then G has the Mann property over K.

Proof. Let a1, . . . , an ∈ K×, n ≥ 1. Take a basis b0, b1, . . . , bm of the E-linear
subspace E+a1E+ · · ·+anE of K with b0 = 1. Write aj =

∑m
i=0 aijbi with

aij ∈ E. Then the solutions in G of the equation a1x1 + · · ·+ anxn = 1 are
exactly the solutions in G of the system of equations

a01x1 + · · ·+ a0nxn = 1
a11x1 + · · ·+ a1nxn = 0
...............................

...............................

am1x1 + · · ·+ amnxn = 0

Hence by Corollary 5.3 the set of solutions in G of the equation

a1x1 + · · ·+ anxn = 1

is defined in G by a positive quantifier-free formula in the language of G-sets
with 1. Now apply Lemma 5.4. �

Proposition 5.6. Suppose that G has the Mann property. Then G has the
Mann property over K.

Proof. By the previous lemma it suffices to show that G has the Mann
property over E := F(G). Let a0, a1, . . . , an ∈ E× and consider the linear
equation

a0 = a1x1 + · · ·+ anxn.

By Lemma 5.4 it remains to show that the set S of solutions in G of this
equation is defined by a positive quantifier-free formula in the language of
G-sets with 1. After multiplying a0, . . . , an by a suitable non-zero element
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we can assume that they lie in the subring F[G] of E that is generated by
G over F. Take g1, . . . , gm ∈ G such that aj =

∑m
i=1 fijgi, with fij ∈ F for

i = 1, . . . ,m, j = 0, . . . , n. Then we have for all (x1, . . . , xn) ∈ Gn:

(x1, . . . , xn) ∈ S ⇐⇒
∑

i

fi0gi =
∑

i

fi1gix1 + · · ·+
∑

i

fingixn

⇐⇒ ∃y
[
(
∧
i

yi = gi) ∧ (
∧
i

yi1 = gix1) ∧ · · · ∧ (
∧
i

yin = gixn)

∧
∑

i

fi0yi =
∑

i

fi1yi1 + · · ·+
∑

i

finyin

]
,

where y = (y1, . . . , ym, y11, . . . , ym1, . . . , y1n, . . . , ymn) is a tuple of distinct
variables, each ranging over G. By Corollary 5.1 the subset of Gm+mn

defined by the equation∑
i

fi0yi =
∑

i

fi1yi1 + · · ·+
∑

i

finyin

is defined in G by a positive quantifier-free formula in the language of G-
sets. Thus by Corollary 4.2 the set S ⊆ Gn is defined in G by a positive
quantifier-free formula in the language of G-sets with 1. �

The next consequence may be surprising since the definition of the Mann
property does not require any kind of uniform bounds.

Corollary 5.7. Suppose G has the Mann property. Then there is for each n
a natural number A(n) such that for any nonzero a1, ..., an in any extension
field of K the equation a1x1+· · ·+anxn = 1 has at most A(n) nondegenerate
solutions in G.

Proof. Consider the L(U)-structures (K ′, G′) where K ′ is an extension field
of K, G′ is a subgroup of K ′×, and (K ′, G′) satisfies the Mann axioms for
G as defined in the introduction. Then G′ has the Mann property, and thus
G′ has the Mann property in K ′. The structures

(
K ′, G′, (a)a∈K

)
where

(K ′, G′) is as above, are up-to-isomorphism exactly the models of a set of
sentences in the language L(U) augmented by names for the elements of K.
The uniform bound is now an easy consequence of compactness. �

Remark. We can arrange the function n 7→ A(n) to be computable relative
to the set of Mann axioms for G. It needs some care to make sense of this
relative computability claim; we prefer not to elaborate here.

Mann implies Mordell-Lang. In this subsectionK is algebraically closed.
For any n-tuple k = (k1, . . . , kn) ∈ Zn, consider the character

χk :
(
K×)n → K×, χk(x1, . . . , xn) := xk1

1 · · ·x
kn
n .

This is a multiplicative group homomorphism. For any d ∈ N, let D(n, d) be
the finite collection of subgroups of

(
K×)n that are intersections of kernels of

characters χk with |k| = |k1|+ · · ·+ |kn| ≤ d. The following yields (1)⇒ (2)
of Proposition 1.1.
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Proposition 5.8. Let f1, . . . , fm ∈ K[X1, . . . , Xn] have degree ≤ d, and let

V = {x ∈ Kn : f1(x) = · · · = fm(x) = 0}.

Suppose G has the Mann property. Then V ∩Gn is a finite union of cosets
of subgroups D ∩Gn of Gn with D ∈ D(n, d).

Proof. The intersection of finitely many cosets of such subgroups is either
empty or again a coset of such a subgroup. Hence we may (and shall) assume
that m = 1. Put f := f1, and write f =

∑
i∈I aiX

i where all ai ∈ K and I
is the set of multi-indices i = (i1, . . . , in) ∈ Nn with |i| = i1 + · · · + in ≤ d.
By Corollary 5.1 the set

{y ∈ G|I| :
∑
i∈I

aiyi = 0}

is a finite union of finite intersections of subsets of G|I| of the form

{y ∈ G|I| : gyi = yj}

with g ∈ G and i, j ∈ I. It remains to observe that for such g, i, j the set

{x ∈ Gn : gχi(x) = χj(x)}

is a coset of the subgroup D ∩Gn of Gn where D is the kernel of χi−j . �

Mordell-Lang implies Mann. Proposition 5.11 below says that a weak
form of the Mordell-Lang property for G implies the Mann property for G.
In particular, it yields (2)⇒ (1) and (3)⇒ (1) of Proposition 1.1.

In this subsection K is algebraically closed. We refer to [20] for the basics
on algebraic groups over K, especially Chapter 3. Terminology like “open”
and “closed” refers to the relevant Zariski topology. The group (K×)n is
viewed as an algebraic torus over K in the usual way.

Lemma 5.9. Let a1, . . . , an ∈ K×, and let H be an infinite subgroup of
(K×)n contained in the solution set of the equation a1x1 + · · · + anxn = 1.
Then all (h1, . . . , hn) ∈ H are degenerate solutions of this equation.

Proof. Replacing H by its closure in (K×)n we can assume that H is a closed
subgroup of (K×)n. Let H0 be the connected component of the identity in
H, so H0 is a closed subgroup of H and of finite index in H. Consider
a coset (b1, . . . , bn)H0 ⊆ H of H0. We are going to show that this coset
consists entirely of degenerate solutions of the equation above.

Let dimH0 = d. Then d > 0, and we have an embedding

φ = (φ1, . . . , φn) : (K×)d → (K×)n

of algebraic groups over K with image H0. For i = 1, . . . , n we have a
tuple e(i) = (ei1, . . . , eid) ∈ Zd such that φi(y) = ye(i) := yei1

1 . . . yeid
d for all

y = (y1, . . . , yd) ∈ (K×)d. Thus

a1b1y
e(1) + · · ·+ anbny

e(n) = 1
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for all y ∈ (K×)d. Let E := {e(i) : i = 1, . . . , n}. Then this identity means
that for all y ∈ (K×)d we have∑

e∈E

cey
e = 1, where ce :=

∑
e(i)=e

aibi.

It follows that ce = 0 for all e 6= (0, . . . , 0) ∈ Zd. Note that E contains an
element e 6= (0, . . . , 0), since d > 0 and φ is injective. For such e we have
therefore ∑

e(i)=e

ai(biye) = ye ·
∑

e(i)=e

aibi = yece = 0

for all y ∈ (K×)d. Since the elements of (b1, . . . , bn)H0 are exactly the
(b1ye(1), . . . , bny

e(n)) with y ∈ (K×)d, it follows that all these elements are
degenerate solutions, as claimed. �

Lemma 5.10. Let H be a commutative algebraic group over K, let A be
a dense subgroup of H, let B1, . . . , Bn be subgroups of A of infinite index,
and let Ci be a finite union of cosets in A of Bi, for i = 1, . . . , n. Then
A− (C1 ∪ · · · ∪ Cn) is dense in H.

Proof. Till further notice we assume that H is connected.
We first consider the special case that no Bi is dense in H. Let U ⊆ H

be nonempty and open. Since dimU = dimH and the closure of each coset
of each Bi in H has dimension < dimH, the set U − cl(C1 ∪ · · · ∪ Cn)
is nonempty and open in H, and thus intersects A. Hence U intersects
A− (C1 ∪ · · · ∪ Cn).

After having settled this special case, we now proceed by induction on
n. The case n = 0 is trivial, so let n > 0. We can assume that Bi ∩ Bj

is of infinite index in Bi for all distinct i, j, since if Bi ∩ Bj were of finite
index in Bi, i 6= j, then each coset of Bi is a union of finitely many cosets
of Bi ∩Bj , so Ci is contained in a finite union of cosets of Bj , and hence we
can decrease n by eliminating Bi and increasing Cj suitably.

Because of the special case treated at the beginning of the proof we can
assume cl(B1) = H. Take a coset aB1 in A that is disjoint from C1. Then

aB1 − (C1 ∪ · · · ∪ Cn) ⊆ A− (C1 ∪ · · · ∪ Cn),

aB1 − (C1 ∪ · · · ∪ Cn) = aB1 − (C2 ∪ · · · ∪ Cn)

= a
[
B1 − (C ′

2 ∪ · · · ∪ C ′
n)

]
where each C ′

j is a finite union of cosets of B1 ∩Bj in B1. By the inductive
assumption, B1− (C ′

2∪· · ·∪C ′
n) is dense in H, hence a

[
B1− (C ′

2∪· · ·∪C ′
n)

]
is dense in H, and so is A− (C1 ∪ · · · ∪ Cn) by the inclusions above.

We have now established the lemma under the assumption that H is
connected. We now drop this assumption and consider the connected com-
ponent H0 in H of the identity of H, a closed subgroup of H of finite index.
Consider a coset C ofH0 inH; it remains to show that C∩[A−(C1∪· · ·∪Cn)]

21



is dense in C. Take a c ∈ C ∩ A. Then C ∩ A = cA0, where A0 := H0 ∩ A,
hence

C ∩ [A− (C1 ∪ · · · ∪ Cn)] = (C ∩A)− [(C ∩ C1) ∪ · · · ∪ (C ∩ Cn)]

= cA0 − [(C ∩ C1) ∪ · · · ∪ (C ∩ Cn)]

= c[A0 − (C0
1 ∪ · · · ∪ C0

n)]

where C0
i := c−1(C ∩ Ci) = H0 ∩ (c−1Ci). Note that C0

i is a finite union
of cosets of B0

i := H0 ∩ Bi in H0, so A0 − (C0
1 ∪ · · · ∪ C0

n) is dense in H0

(by what was proved in the connected case), so by the equalities above,
C ∩ [A− (C1 ∪ · · · ∪ Cn)] is dense in C, as desired. �

It is an easy exercise to check that if H is a commutative group, then any
boolean combination of cosets in H of subgroups of H is a finite union of
sets of the form h ·

(
A− (B1 ∪ · · · ∪ Bn)

)
where h ∈ H, A is a subgroup of

H, and each Bi is a subgroup of A of infinite index.

Proposition 5.11. Suppose that for all a1, . . . , an ∈ F× the set of solutions
of a1x1 + · · ·+ anxn = 1 in G is a boolean combination of subgroups of Gn.
Then G has the Mann property.

Proof. Given a boolean combination of subgroups of Gn, represent it as a
finite union of sets of the form

g ·
(
A− (B1 ∪ · · · ∪Bn)

)
where g ∈ Gn, A is a subgroup of Gn, and each Bi is a subgroup of A of
infinite index. By Lemma 5.10 the closure of the displayed set in (K×)n is
g · cl(A). Now use Lemma 5.9. �

Lemmas for the real case. This subsection gets used in Section 7.

Lemma 5.12. Let Γ be a subgroup of G such that for all a1, . . . , an ∈ E×

the equation a1x1 + · · ·+ anxn = 1 has the same nondegenerate solutions in
Γ as in G. Then we have for any g, g1, . . . , gn ∈ G:

(1) if g is algebraic over E(Γ) of degree d, then gd ∈ Γ;
(2) if g1, . . . , gn are algebraically dependent over E(Γ), then they are

multiplicatively dependent over Γ.

Proof. Let g ∈ G be algebraic over E(Γ) of degree d. Then
d∑

i=0

ni∑
j=1

aijγijg
i = 0

with all aij ∈ E× and all γij ∈ Γ, and
∑nd

j=1 adjγdj 6= 0. Thus nd > 0. Also
n0 > 0, since g 6= 0. Fix such an identity with minimal

∑
ni. The tuple

(γijg
i) is a solution of the linear equation

d∑
i=0

ni∑
j=1

aijxij = 0.
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The minimality of
∑
ni yields the non-degeneracy of this solution. Hence

there are hij ∈ Γ and h ∈ G such that γijg
i = hijh for all i, j. For i = 0 we

get h ∈ Γ, and then for i = d this yields gd ∈ Γ. This proves (1).
For (2), assume that g1, . . . , gn−1 are algebraically independent over E(Γ),

but gn is algebraic of degree d over E(Γ, g1, . . . , gn−1); it suffices to show that
then gd

n ∈ Γ · gZ
1 · · · gZ

n−1. Apply (1) to Γ · gZ
1 · · · gZ

n−1 instead of Γ. �

Lemma 5.13. Let Γ be as in the previous lemma, and also pure in G. Then
G ∩ E(Γ) = Γ and E(G) is a regular field extension of E(Γ).

Proof. The first claim does not need the purity assumption and follows from
part (1) of the previous lemma. To prove the regularity, we can assume that
G is finitely generated over Γ. Since G/Γ is torsion-free, it is a free as an
abelian group, so there are g1, . . . , gn ∈ G that generate G over Γ and are
multiplicatively independent over Γ. Hence g1, . . . , gn are algebraically in-
dependent by (2) of the previous lemma, so E(G) is a purely transcendental
extension of E(Γ). �

The hypothesis of Lemma 5.12 can be satisfied as follows:

Lemma 5.14. Let Γ be a subgroup of E× and g ∈ K transcendental over E,
and let G be the subgroup of K× generated by Γ and g. Then each equation
a1x1+· · ·+anxn = 1 with n ≥ 1 and all ai ∈ E× has the same nondegenerate
solutions in Γ as in G.

Proof. Write each element of G as cgk with c ∈ Γ, k ∈ Z. �

Lemma 5.15. Let Γ be a subgroup of E×, γ ∈ Γ, d a positive integer, and
suppose the polynomial Xd − γ ∈ E[X] is irreducible. Let g ∈ K satisfy
gd = γ, and let G be the subgroup of K× generated by Γ and g. Then each
equation a1x1 + · · · + anxn = 1 with n ≥ 1 and all ai ∈ E× has the same
nondegenerate solutions in Γ as in G.

Proof. Write each element of G as cgi with c ∈ Γ and 0 ≤ i < d, and use
that 1, g, . . . , gd−1 is a basis of E(g) over E. �

The last two lemmas yield a profusion of groups with the Mann property.
For example, one can manufacture infinite subgroups of the multiplicative
group of F ac

p with the Mann property; see Section 8.
Let now K be an ordered field and E an ordered subfield. It is sometimes

convenient to restrict attention to pure subgroups of E>0. For example, the
subgroups 2Z and 2Z3Z of Q>0 are pure subgroups of Q>0, but 4Z is not.

Proposition 5.16. Suppose Γ is a pure subgroup of E>0 and

G = {g ∈ K>0 : gd ∈ Γ for some positive integer d}.

Then for all a1, . . . , an ∈ E× the equation a1x1 + · · · + anxn = 1 has the
same nondegenerate solutions in Γ as in G.
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Proof. By the previous lemma and a straightforward induction it suffices to
show the following:

Let p be a prime number, and let g ∈ K>0 be such that gp = γ ∈ Γ and
g /∈ Γ. Then the polynomial Xp−γ ∈ E[X] is irreducible, and the subgroup
of K>0 generated by g over Γ is pure in in E(g)>0.

That Xp−γ is irreducible in E[X] follows from Theorem 9.1 on page 297
of [9]. Suppose h ∈ E(g)>0 is such that h /∈ Γ and hd ∈ Γ where d is an
integer > 1. We can assume that hm /∈ Γ for 1 ≤ m < d, and it remains
to show that then h = cgk for some c ∈ Γ and some integer k. By the
minimality property of d and Theorem 9.1 in [9] the polynomial Xd − h is
irreducible in E[X]. Because E(h) ⊆ E(g) and [E(g) : E] = p this yields
d = p. Let ζ be a primitive pth root of unity in the algebraic closure of K,
so E(g) ∩ E(ζ) = E and E(g, ζ) is a cyclic extension of degree p of E(ζ).
Let σ ∈ Gal

(
E(g, ζ)|E(ζ)

)
be given by σ(g) = ζg. Then σ(h) = ζkh with

0 < k < p. Writing h = c0 + c1g + · · ·+ cp−1g
p−1 with all ci ∈ E this gives

σ(h) = c0 + ζc1g + · · ·+ ζp−1cp−1g
p−1

= ζkc0 + ζkc1g + · · ·+ ζkcp−1g
p−1.

This forces ci = 0 for all i 6= k, so h = ckg
k, as desired. �

In particular, this yields the Mann property for subgroups of R>0 like 2Q

and 2Q3Q in an effective way from the Mann property for 2Z and 2Z3Z. In
the next sections we consider the groups 2Z and 2Q as members of the same
family, and likewise with 2Z3Z and 2Q3Q.

The last result suggests the following question: if Γ is a pure subgroup of
E× with the Mann property and K is algebraically closed of characteristic
zero, does it follow that the divisible hull

{g ∈ K× : gd ∈ Γ for some positive integer d}

of Γ in K× has the Mann property? Maybe one should assume also that all
roots of unity in E belong to Γ.

6. Algebraically closed fields with a multiplicative group
having the Mann Property

In this section K is an algebraically closed field and G is a subgroup of K×

with the Mann property.

Smallness. In order to use the results in Section 3 we have to show that
G is small in K. We shall derive this from the fact that no infinite field
is interpretable in any abelian group. (“Interpretable in a structure M”
means “definable inMeq.”) This fact follows from three other results:

(1) Each abelian group is one-based; see [14], pp. 157–158.
(2) If a group is interpretable in a one-based structure, then it has an

abelian subgroup of finite index; see [14], Chapter 4.
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(3) if E is an infinite field, then the group SL2(E) does not have an
abelian subgroup of finite index; see [9], p. 589.

Lemma 6.1. G is small in K.

Proof. Suppose towards a contradiction that G is large in K. Then by
Lemma 2.4, we have K = f(Gm) where f : Km −→ K is definable in K.
Consider the equivalence relation E on Km defined by

aEb⇐⇒ f(a) = f(b).

By Proposition 3.2 the equivalence relation EG := E ∩G2m on Gm is defin-
able in the group G. The restriction f |Gm : Gm → K induces a bijection
Gm/EG → K. Using again Proposition 3.2, one checks easily that the ad-
dition and multiplication of K correspond under this bijection to binary
operations on Gm/EG that are definable in the many-sorted structure Geq

where G is considered as a group. This contradicts the fact that no infinite
field is interpretable in any abelian group. �

In combination with Lemmas 3.5, 3.6 and Corollary 5.1 this yields:

Corollary 6.2. The L(U)-structure (K,G) is stable. If the group G is
ω-stable (superstable), then (K,G) is ω-stable (respectively, superstable).

Here is another consequence (not used later) of the non-interpretability of
infinite fields in abelian groups. Put

G0 := G ∪ {0} ⊆ K,
G+n := G0 + · · ·+G0 ⊆ K (with n summands).

Note that G0 = G+1 ⊆ G+2 ⊆ G+3 ⊆ . . . .

Corollary 6.3. If G is infinite, then the increasing sequence of sets
(
G+n

)
is strictly increasing.

Proof. Assume towards a contradiction that G+n = G+(n+1), n ≥ 1. Then
G+n = G+m for all m ≥ n. Hence R := G+n − G+n is the subring of
K generated by G, so this ring R can be interpreted in the multiplicative-
monoid-with-additive-relations G(Σ). Since G has the Mann property, it
follows that the ring R, and thus its fraction field, can be interpreted in the
abelian group G; this is impossible if R is infinite. �

As an application, for G = 2Z3Z∪−2Z3Z, there is no n such that all rational
numbers are of the form a/b with a, b ∈ G+n; we do not know how to prove
this particular fact other than by the argument above.

More on the ω-stable case. Let H be an infinite subgroup of the mul-
tiplicative group of a field. Then H has only finitely many elements of any
given finite order, so by Macintyre [11], the group H is ω-stable if and only
if there is an infinite divisible subgroup D of H and a finite subgroup B of H
such that H = DB and D ∩B = {1}. For such D and B we have H [d] = D
for each positive integer d that is a multiple of |B|, so the subgroup D does
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not depend on the particular product decomposition chosen; hence D is a
definable subgroup of the group H. By Szmielew’s quantifier simplification
for abelian groups, D has no infinite proper subgroups definable in the group
H. Thus, for ω-stable H, the subgroup D is the connected component of
the group H, and MR(Hn) = n for each n, where the Morley rank is with
respect to the theory of the group H. We shall use these observations for
H := G to prove the following:

Theorem 6.4. Suppose G is infinite and ω-stable. Then MR(K) = ω,
where the Morley rank is with respect to the ω-stable theory Th(K,G).

First we show that, with the assumptions of the theorem, MR(G+n) = n.
Next we use the analysis of 1-types in the proof of Lemma 3.5 to show that
these types have Morley rank ≤ ω. We shall need the following basic fact
about Morley rank in any, not necessarily ω-stable, structureM = (M, . . . ):

Lemma 6.5. Suppose M is ω-saturated. Let X ⊆ Mp, Y ⊆ M q, and
f : X → Y be definable in M such that |f−1(y)| < ∞ for all y ∈ Y . Then
MR(X) ≤ MR(Y ).

Proof. By induction on MR(Y ). The case that MR(Y ) ∈ {−∞, 0,+∞} is
obvious, so we can assume MR(Y ) is an ordinal ≥ 1, and make a further
reduction to MD(Y ) = 1. Saturation gives an n such that |f−1(y)| ≤ n for
all y ∈ Y . Suppose that MR(X) > MR(Y ). Take disjoint definable subsets
X1, . . . , Xn+1 ofX with MR(Xi) ≥ MR(Y ) for all i. If MR(f(Xi)) < MR(Y )
for some i, then by the induction hypothesis,

MR(Xi) ≤ MR(f(Xi)) < MR(Y )

for such i, a contradiction. Hence MR(f(Xi)) = MR(Y ) for all i. As
MD(Y ) = 1, there is an element y in the intersection f(X1)∩ · · · ∩ f(Xn+1),
which contradicts |f−1(y)| ≤ n. �

If X ⊆ Gn is definable in (K,G), then by Proposition 3.2, X is definable in
the group G, so the Morley rank of X with respect to the theory of (K,G)
equals its Morley rank with respect to the theory of the group G.

Lemma 6.6. Let G be infinite and ω-stable. Then MR(G+n) = n.

Proof. We can assume that (K,G) is ω-saturated. Consider the map

f : Gn
0 → G+n, f(g1, . . . , gn) = g1 + · · ·+ gn.

By the surjectivity of f we have MR(G+n) ≤ MR(Gn
0 ) = MR(Gn) = n. For

the opposite inequality we argue as follows: If I ⊆ {1, . . . , n} is nonempty,
then the set

Gn
I := {(g1, . . . , gn) ∈ Gn :

∑
i∈I

gi = 0}

is contained in the image of a definable map Gn−1 → Kn, so MR(Gn
I ) < n.

Thus MR(Gn
nd) = MR(Gn) = n, where

Gn
nd := Gn \

⋃
I

Gn
I (I ranging over the nonempty subsets of {1, . . . , n})
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is the set of “non-degenerate” elements of Gn. By the Mann property, the
restriction of the map f to Gn

nd satisfies the condition in Lemma 6.5, so
MR(Gn

nd) ≤ MR(G+n), and thus n = MR(Gn) ≤ MR(G+n). �

We can now finish the proof of Theorem 6.4:
By Lemma 6.6 we have MR(K) ≥ ω. For the opposite inequality we can

assume that (K,G) is ℵ1-saturated. Let (K ′, G′) be a countable elementary
substructure of (K,G), let α ∈ K, and let p be the type of α in (K,G)
over K ′. It suffices to show that then MR(p) ≤ ω. First consider the case
that α ∈ K ′(G)ac, say α ∈ K ′(g)ac where g ∈ Gn. Take a polynomial
P (X1, . . . , Xn, Y ) ∈ K ′[X1, . . . , Xn, Y ] such that P (g, Y ) 6= 0 and P (g, α) =
0. Let

X := {(h, a) ∈ Gn ×K : P (h, Y ) 6= 0, P (h, a) = 0},
a definable subset of Kn+1 in (K,G) over K ′. The map

(h, a) 7→ h : X → Gn

satisfies the condition of Lemma 6.5, so MR(X) ≤ MR(Gn) = n. The map
(h, a) 7→ a : X → K is definable over K ′ and contains α in its image, so
MR(p) ≤ MR(X) ≤ n.

By the proof of Lemma 3.5, all elements of K not in K ′(G)ac realize the
same type in (K,G) over K ′. The Morley rank of this type in (K,G) must
be ≤ ω, since the other 1-types in (K,G) over K ′ were just shown to have
finite Morley rank.

Definable sets. With a mild assumption on G the definable relations
in (K,G) are boolean combinations of existentially definable relations. To
formulate this precisely, recall that G[d] denotes the subgroup of dth powers
in G. Let L(K) be the language of rings augmented by names for the
elements of K, and let x = (x1, . . . , xm) be a tuple of distinct variables.

Proposition 6.7. Suppose G/G[d] is finite for each integer d > 0. Then
every subset of Km definable in (K,G) is a boolean combination of subsets of
Km defined by formulas ∃y

(
U(y)∧φ(x, y)

)
where φ(x, y) is a quantifier-free

L(K)-formula.

Proof. Consider a special formula

ψ(x) := ∃y
(
U(y) ∧ θU (y) ∧ φ(x, y)

)
in x where φ(x, y) is an L-formula, y = (y1, . . . , yn), and θ(y) is an Lm(Σ)-
formula. By quantifier elimination for abelian groups, the set

{(g1, . . . , gn) ∈ Gn : G |= θ(g1, . . . , gn)}

is a boolean combination of subsets of Gn of the form

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) = 1}, and

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ G[d]}
27



where k = (k1, . . . , kn) ∈ Zn and d is a positive integer. (One can even
restrict the d to range over powers pe of prime numbers p with exponent
e ∈ N.) Since G/G[d] is finite, the complement in Gn of a set

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ G[d]}
as above is a finite union of sets of the form

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ γG[d]}
where γ ∈ G. Hence ψ(x) is equivalent in (K,G) to a formula

ψ′(x) := ∃z
(
U(z) ∧ φ′(x, z)

)
where φ′(x, z) is an L(G)-formula, z = (z1, . . . , zN ). (Here L(G) is the
language L augmented by names for the elements of G.) Thus the desired
result follows from Theorem 3.8 and quantifier elimination for algebraically
closed fields. �

Note that the assumption on G in the proposition is satisfied when G has
finite rank, and also when G is divisible.

Elementary classification within the Γ-family. Let E be a field and Γ
a subgroup of E× with the Mann property. All multiplicative groups that
contain Γ and satisfy the Mann axioms of Γ are treated below as members
of the same family, the Γ-family. For example, if Γ = {1} ⊆ Q×, each
subgroup of C× generated by algebraically independent elements belongs to
the Γ-family. Likewise, with E = Q and Γ = 2Z, the subgroups 2Z and 2Q

of C× belong to the Γ-family. The formal setting is as follows.
Let L(U,Γ) be the language of rings augmented by a unary relation sym-

bol U , and by a name (constant symbol) γ for each element γ ∈ Γ. Let
ACF(Γ) be the theory in the language L(U,Γ) whose models are the struc-
tures

(
K,G, (γ′)γ∈Γ

)
such that

(1) K is an algebraically closed field of the same characteristic as E,
(2) G is a subgroup of K×,
(3) γ 7→ γ′ : Γ→ G is a group homomorphism,
(4)

(
K,G, (γ′)γ∈Γ

)
satisfies the Mann axioms of Γ.

Here γ′ is the interpretation of (the name of) γ in
(
K,G, (γ′)γ∈Γ

)
. If E

is algebraically closed, then
(
E,Γ, (γ)γ∈Γ

)
is clearly a model of ACF(Γ).

The theory ACF(Γ) is never complete, but we can classify its models up to
elementary equivalence. Note that for a model

(
K,G, (γ′)γ∈Γ

)
of ACF(Γ)

we have a unique field embedding F(Γ) → K that sends each γ ∈ Γ to γ′;
from now on we identify F(Γ) with a subfield of K via this embedding, and
accordingly write γ instead of γ′. Theorem 1.2 from the Introduction is the
special case K = C and G = Γ of the next result.

Theorem 6.8. Let
(
K,G, (γ)

)
and

(
K ′, G′, (γ)

)
be models of ACF(Γ).

Then
(
K,G, (γ)

)
≡

(
K ′, G′, (γ)

)
if and only if

(
G, (γ)

)
≡

(
G′, (γ)

)
as groups

with distinguished elements.
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Proof. We just combine earlier results. The forward direction being obvious,
suppose that

(
G, (γ)

)
≡

(
G′, (γ)

)
as groups with distinguished elements. In

order to obtain
(
K,G, (γ)

)
≡

(
K ′, G′, (γ)

)
it suffices by Corollary 3.9 to

show that (
G(Σ), (γ)

)
≡

(
G′(Σ), (γ)

)
(†)

as multiplicative monoids with additive relations and distinguished elements.
Construe G as a Γ-set by the action

(γ, g) 7→ γg : Γ×G→ G,

and construe G′ likewise as a Γ-set. Let any k ∈ Zn with n ≥ 1 be given.
Applying Corollary 5.1 for E = F, we see that the set Σk(G) ⊆ Gn is defined
in the Γ-set G by a positive quantifier-free formula in the language of Γ-sets.
Likewise, the set Σk(G′) ⊆ G′n is defined in the Γ-set G′ by a positive
quantifier-free formula in the language of Γ-sets. More precisely, it follows
from the proof of Corollary 5.1 that Σk(G) and Σk(G′) are defined in the
Γ-sets G and G′ by the same positive quantifier-free formula in the language
of Γ-sets. In particular, there is a formula in the language of groups with
names for the elements of Γ that defines Σk(G) in

(
G, (γ)

)
and that defines

Σk(G′) in
(
G′, (γ)

)
. Hence (†) holds, as desired. �

Much of this section goes through when G is equipped with extra structure,
for example, one or more distinguished subgroups of G or G2. The interested
reader can easily make this precise as needed, using the results at the end
of Section 3.

7. The real case

The modifications needed to deal with the real case are not entirely obvious.
One basic fact is that a subgroup of R>0 is either cyclic and discrete (and
thus taken care of in [3]), or dense, in which case a result by Robinson and
Zakon [18] on regular ordered abelian groups turns out to be relevant.

Let Γ be a subgroup of R>0 with the Mann property. Examples to keep
in mind are Γ = {1}, Γ = 2Z, and Γ = 2Z3Z. Let Lo(U,Γ) be the language
of ordered rings augmented by a unary relation symbol U and by a name
(constant symbol) γ for each element γ ∈ Γ. The ordering axioms of Γ are
the following: given any tuple k = (k1, . . . , kn) of integers, and any tuple
γ = (γ1, . . . , γn) of elements of Γ, n ≥ 1, the ordering axiom for k, γ is the
sentence

k1γ1 + · · ·+ knγn > 0
if this sentence holds in R, and otherwise it is the sentence

k1γ1 + · · ·+ knγn ≤ 0.

Let RCF(Γ) be the theory in the language Lo(U,Γ) whose models are the
structures

(
K,G, (γ′)γ∈Γ

)
such that

(1) K is a real closed ordered field, and G is a dense subgroup of K>0,
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(2) γ 7→ γ′ : Γ→ G is a group homomorphism;
(3)

(
K, (γ′)γ∈Γ

)
satisfies the ordering axioms of Γ,

(4)
(
K,G, (γ′)γ∈Γ

)
satisfies the Mann axioms of Γ.

Here γ′ is the interpretation of (the name of) γ in
(
K,G, (γ′)γ∈Γ

)
. If Γ is

dense in R>0, then
(
R,Γ, (γ)γ∈Γ

)
is clearly a model of RCF(Γ). The the-

ory RCF(Γ) is not complete; we shall classify its models up to elementary
equivalence. To do this, we introduce Q(Γ), the ordered subfield of R gener-
ated by Γ. Then we have for any model

(
K,G, (γ′)γ∈Γ

)
of RCF(Γ) a unique

ordered field embedding Q(Γ) → K that sends each γ ∈ Γ to γ′, and from
now on we identify Q(Γ) with an ordered subfield of K via this embedding,
and accordingly write γ′ instead of γ. Theorem 1.3 from the Introduction
is the special case G = Γ of the next result.

Theorem 7.1. Let
(
K,G, (γ)

)
and

(
L,H, (γ)

)
be models of RCF(Γ). Then(

K,G, (γ)
)
≡

(
L,H, (γ)

)
if and only if [p]G = [p]H for every prime number

p, and for each γ ∈ Γ and each n > 0:

γ is an nth power in G ⇐⇒ γ is an nth power in H.

Some remarks on regularly dense groups. We are going to use the
easy but important fact that if K is a real closed field and G is a dense
subgroup of K>0, then for each n > 0 the group of nth powers of elements
of G is dense in K>0. It follows that such G is regularly dense as an ordered
group in the sense of Robinson and Zakon [18], who classified regularly dense
ordered abelian groups A up to elementary equivalence by their invariants
[p]A as defined in the introduction. The key step in their proof is needed
below, and is as follows, where for simplicity we use additive notation for
the abelian groups A in question (so [p]A = |A/pA| if A/pA is finite, and
[p]A = ∞ otherwise). Recall from [18] that an ordered abelian group A is
said to be regularly dense if A is nontrivial and for all a, b ∈ A with a < b
and all n > 0 there is x ∈ A with a < nx < b.

Let A and B be regularly dense ordered abelian groups such that [p]A =
[p]B for each prime number p, and let h : A′ → B′ be an ordered abelian
group isomorphism between a pure (ordered) subgroup A′ of A and a pure
(ordered) subgroup B′ of B. Assume B is κ-saturated, where κ > |A′|. Let
a ∈ A \A′. Then there exists b ∈ B \B′ such that for all a′ ∈ A′, k ∈ Z and
n > 0:

(1) a′ < na ⇐⇒ h(a′) < nb;
(2) a′ + ka ∈ nA ⇐⇒ h(a′) + kb ∈ nB.

Moreover, for any such b we can extend h to an ordered group isomorphism
A′〈a〉 → B′〈b〉 sending a to b, where

A′〈a〉 := {a
′ + ka

n
: a′ ∈ A′, k ∈ Z, n > 0, a′ + ka ∈ nA} ⊆ A

inside the divisible hull of A, and where B′〈b〉 is defined likewise.
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Proof of Theorem 7.1. The “only if” part is obvious. For the “if” part,
assume that [p]G = [p]H for every prime number p, and that for each γ ∈ Γ
and n > 0:

γ is an nth power in G ⇐⇒ γ is an nth power in H.

We can assume also that
(
K,G, (γ)

)
and

(
L,H, (γ)

)
are κ-saturated where

κ is an uncountable cardinal > |Γ|. Let Sub(K,G) be the collection of
Lo(U)-structures (K ′, G′) where K ′ is a real closed ordered subfield of K of
cardinality < κ, G′ ⊆ K ′>0 is a pure subgroup of G containing Γ, and K ′

and Q(G) are free over Q(G′). Note that if (K ′, G′) ∈ Sub(K,G), then by
Lemma 5.13 we have (K ′, G′) ⊆ (K,G), the field Q(G) is a regular extension
of Q(G′), and thus by Fact 2, K ′ and Q(G) are linearly disjoint over Q(G′).

We define Sub(L,H) likewise. Let I be the set of all isomorphisms ι :
(K ′, G′) ∼= (L′,H ′) where (K ′, G′) ∈ Sub(K,G), (L′,H ′) ∈ Sub(L,H), and
ιγ = γ for all γ ∈ Γ. We first show that I 6= ∅: Let

G′ := {g ∈ G : gn ∈ Γ for some n > 0}, K ′ := Q(Γ)rc ⊆ K
H ′ := {h ∈ H : hn ∈ Γ for some n > 0}, L′ := Q(Γ)rc ⊆ L.

Then (K ′, G′) ∈ Sub(K,G) and (L′,H ′) ∈ Sub(L,H), and the ordered field
isomorphism K ′ ∼= L′ that is the identity on Γ belongs to I.

To establish the theorem, it remains to prove:

Claim. I is a back-and-forth system.

To prove the claim, let ι : (K ′, G′) → (L′,H ′) be in I and let α ∈ K \K ′;
our task is to find an extension of ι in I that contains α in its domain. We
distinguish three cases:

(1) α ∈ G: By the discussion preceding this proof we can pick a β ∈ H
such that for all x ∈ G′, k ∈ Z and n > 0 we have:

αkx is an nth power in G ⇐⇒ βkι(x) is an nth power in H.

We shall now adjust this β to make it realize the cut in L′ that corresponds
under ι to the cut of α in K ′. By saturation, this cut in L′ is realized in L
by all elements of an entire interval (p, q) where 0 < p < q in L. Since H is
dense in L>0 we can assume that p, q ∈ H. Also by saturation, the elements
h ∈ H that are nth powers in H for each n > 0 lie dense in H. Hence for a
suitable such h we have p < hβ < q. Put

K ′′ := K ′(α)rc, G′′ = K ′′ ∩G,
L′′ := L′(hβ)rc, H ′′ = L′′ ∩H.

By the discussion on regularly dense groups preceding this proof, and by
Lemmas 5.12 and 5.13 we have (K ′′, G′′) ∈ Sub(K,G), (L′′,H ′′) ∈ Sub(L,H)
and an isomorphism (K ′′, G′′)→ (L′′,H ′′) that takes α to hβ.

(2) α ∈ K ′(G)rc: Then α ∈ K ′(g1, . . . , gn)rc for some g1, . . . , gn ∈ G, so
we can extend ι by applying (1) n times.
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(3) α /∈ K ′(G)rc: As in the first case, we consider the cut of α in K ′.
By saturation and smallness of H we have L′(H)rc 6= L, so there is a β ∈
L \L′(H)rc that realizes the corresponding cut in L′. By linear disjointness,
we can extend ι to an isomorphism (K ′′, G′) → (L′′,H ′) sending α to β,
where K ′′ = K ′(α)rc and L′′ = L′(β)rc. In this case the freeness of K ′′ and
Q(G)rc over Q(G′)rc follows from the assumption that α /∈ K ′(G)rc. This
concludes the proof of Theorem 7.1.

The assumption that Γ is a subgroup of R>0 was made just for the sake of
concreteness, and can be dropped throughout this section by replacing R by
any real closed field R and assuming instead that Γ is a subgroup of R>0

with the Mann property.

Induced structure on the group. In this subsection K is a real closed
field and G is a dense subgroup ofK>0 with the Mann property. For divisible
G we can describe the structure induced on G by (K,G) as follows:

Theorem 7.2. Suppose G is divisible and X ⊆ Gm. Then X is definable
in (K,G) if and only if X = Y ∩Gm for some Y ⊆ Km definable in K.

Proof. The “if” direction is clear. For the converse, it suffices by Fact 1 to
prove:

Claim. Let (K1, G1) and (K2, G2) be two elementary extensions of (K,G),
and let g1 ∈ Gm

1 , g2 ∈ Gm
2 realize the same types over K in K1 and K2,

respectively. Then g1 and g2 realize the same types over K in (K1, G1) and
(K2, G2), respectively.

We may assume that (Ki, Gi) is κ-saturated for i = 1, 2, where κ > |K| is
an uncountable cardinal. Note that (K1, G1, (g)g∈G) and (K2, G2, (g)g∈G)
are elementarily equivalent models of RCF(G), and thus we have a back-
and-forth system I between (K1, G1) and (K2, G2) as defined in the proof
of Theorem 7.1. Also K and Q(Gi) are free over Q(G), and Gi is divisible
for i = 1, 2.

Put K ′
i := K(gi)rc, G′

i := K ′
i ∩Gi, (i = 1, 2). By Lemmas 5.12 and 5.13,

G′
i = {(ggk

i )1/n ∈ K>0
i : g ∈ G, k ∈ Zm, n > 0}, (i = 1, 2).

Since g1 and g2 realize the same type over K we have an ordered field
isomorphism ι : K ′

1 → K ′
2 fixing K pointwise and taking g1 to g2. Hence

ι(G′
1) = G′

2, so ι is an isomorphism between (K ′
1, G

′
1) and (K ′

2, G
′
2).

It is easy to check that K ′
i and Q(Gi) are free over Q(G′

i), and G′
i is a

pure subgroup of Gi. Thus (K ′
i, G

′
i, (g)g∈G) ∈ Sub(Ki, Gi) for i = 1, 2 and ι

is in I. Therefore by the proof of Theorem 7.1, g1 and g2 realize the same
types over K in (K1, G1) and (K2, G2) respectively. This finishes the proof
of the claim and of the theorem. �

By “G with its induced structure” we mean the ordered group G equipped
with the relations X ⊆ Gm that are definable in (K,G), (m = 1, 2, . . . ).
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Corollary 7.3. If G is divisible, then G with its induced structure is weakly
o-minimal, even in the strong sense that its theory is weakly o-minimal.

We also note the following converse of the theorem above:

Corollary 7.4. Suppose every set X ⊆ G definable in (K,G) is of the form
Y ∩G with Y ⊆ K definable in K. Then G is divisible.

This is because the assumption here implies weak o-minimality of the
ordered group G, which in turn implies the divisibility of G.

Definable sets. In this subsection K is a real closed field and G is a dense
subgroup of K>0 with the Mann property. With a mild assumption on G,
the definable relations in (K,G) are boolean combinations of existentially
definable relations. To formulate this precisely, let Lo(K) be the language
of ordered rings augmented by names for the elements of K, and let x =
(x1, . . . , xm) be a tuple of distinct variables.

Theorem 7.5. Suppose that [p]G is finite for each prime number p. Then
every subset of Km definable in (K,G) is a boolean combination of subsets
of Km defined in (K,G) by formulas ∃y

(
U(y) ∧ φ(x, y)

)
where φ(x, y) is a

quantifier-free Lo(K)-formula.

We shall derive this from a real analogue of the relative quantifier elimination
of Section 3. The key here is the back-and-forth system constructed in the
proof of Theorem 7.1.

To eliminate quantifiers for RCF(Γ) we extend this theory by definitions
to an Lo(U,Γ,Σ)-theory RCF(Γ,Σ) by adding for each k ∈ Zn with n ≥ 1
the n-ary relation symbol Σk with the same defining axiom as in Section
3. Thus each model

(
K,G, (γ)

)
of RCF(Γ) expands uniquely to a model of

RCF(Γ,Σ), and we shall denote this expansion also by
(
K,G, (γ)

)
. Note

that Lo(U,Γ,Σ) has the sublanguage Lom(Γ,Σ), the language of ordered
multiplicative monoids with additive relations and a name for each element
of Γ. Given a model

(
K,G, (γ)

)
of RCF(Γ), we let G(Σ) be the ordered

multiplicative monoid G with additive relations given by the defining axioms
for the Σk’s, and with a copy of Γ inside, construed as Lom(Γ,Σ)-structure.

The U -restriction of an Lom(Γ,Σ)-formula θ(y) is an Lo(U,Γ,Σ)-formula
θU (y); it is defined by the same recursive clauses as used in Section 3 to define
the U -restriction of an Lm(Σ)-formula θ(y). Note that for an Lom(Γ,Σ)-
formula θ(y) with y = (y1, . . . , yn), a model

(
K,G, (γ)

)
of RCF(Γ,Σ), and

g ∈ Gn we have

G(Σ) |= θ(g) ⇐⇒
(
K,G, (γ)

)
|= θU (g).

A special formula in x is by definition an Lo(U,Γ,Σ)-formula η(x) of the
form

∃y
(
U(y) ∧ θU (y) ∧ φ(x, y)

)
for some Lom(Γ,Σ)-formula θ(y) and some Lo(Γ)-formula φ(x, y), where
y = (y1, . . . , yn) is a tuple of variables.
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Lemma 7.6. Each Lo(U,Γ,Σ)-formula ψ(x) is equivalent in RCF(Γ,Σ) to
a boolean combination of special formulas in x.

Proof. Let κ be an uncountable cardinal> |Γ|, let
(
K,G, (γ)

)
and

(
L,H, (γ)

)
be κ-saturated models of RCF(Γ,Σ) and let α = (α1, . . . , αm) ∈ Km, and
β = (β1, . . . , βm) ∈ Lm satisfy (in

(
K,G, (γ)

)
and

(
L,H, (γ)

)
, respectively)

the same special formulas in x. Using Fact 1, it suffices to derive from this
assumption that

tp(
K,G,(γ)

)(α) = tp(
L,H,(γ)

)(β).

The assumption on α and β easily yields that [p]G = [p]H for every prime
number p, and for each γ ∈ Γ and each n > 0:

γ is an nth power in G ⇐⇒ γ is an nth power in H.

Hence we have a back-and-forth system I between (K,G) and (L,H) as
constructed in the proof of Theorem 7.1. It remains to find an element of I
that has each αj in its domain and sends α to β.

Let Q(G)(α) have transcendence degree r over Q(G); we can assume
that α1, . . . , αr are algebraically independent over Q(G). As in the proof of
Theorem 3.8 it follows that then Q(H)(β) has transcendence degree r over
Q(H), and that β1, . . . , βr are algebraically independent over Q(H).

Let κ0 := ℵ0 if Γ is countable, including the case Γ = {1}, and κ0 := |Γ|
otherwise; so κ0 < κ. Take a subgroup G′ of G containing Γ, of cardinality
κ0, such that G′(Σ) � G(Σ) and α has transcendence degree r over Q(G′).
It follows that G′ is a pure subgroup of G. Let g = (gi : i < κ0) be an
enumeration of G′, and y = (yi : i < κ0) a list of distinct variables. Note
that if θ1(y), . . . , θk(y) are Lom(Γ,Σ)-formulas and φ1(x, y), . . . , φk(x, y) are
Lo(Γ)-formulas such that G(Σ) |= θj(g) and K |= φj(α, g) for j = 1, . . . , k,
then (

K,G, (γ)
)
|= ∃y(U(y) ∧ θU (y) ∧ φ(α, y)), where

θ(y) :=
∧
j

θj(y), φ(x, y) :=
∧
j

φj(x, y).

So
(
L,H, (γ)

)
|= ∃y(U(y) ∧ θU (y) ∧ φ(β, y)). Hence we have a partial y-

type over β in
(
L,H, (γ)

)
consisting of the formulas U(yi) for i < κ0, the

formulas θU (y) such that G(Σ) |= θ(g) with θ(y) an Lom(Γ,Σ)-formula, and
the formulas φ(β, y) such that K |= φ(α, g) with φ(x, y) an Lo(Γ)-formula.
Let h = (hi : i < κ0) realize this y-type in

(
L,H, (γ)

)
. This yields a partial

elementary map gi 7→ hi, i < κ0, between G(Σ) and H(Σ). Put H ′ := {hi :
i < κ0}. Then H ′ is a subgroup of H such that H ′(Σ) � H(Σ), and we
have an ordered field isomorphism ι : Q(G′)(α) ∼= Q(H ′)(β) sending each gi

to hi and each αj to βj . Put K ′ := Q(G′)(α)rc and L′ := Q(H ′)(β)rc. Then
(K ′, G′) ∈ Sub(K,G) and (L′,H ′) ∈ Sub(L,H) and we have an isomorphism
(K ′, G′) ∼= (L′,H ′) that extends ι. This isomorphism carries α to β and
belongs to the back-and-forth system I, so we are done. �
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In order to derive Theorem 7.5 from this lemma we briefly return to
the theory of regularly dense ordered abelian groups. Let for each prime
number p a number e(p) ∈ N ∪ {∞} be given. As noted in [18], there exists
an ordered additive dense subgroup A of R such that [p]A = pe(p) for each
prime number p, in particular, A is a regularly dense ordered abelian group,
and thus exp(A) is a dense ordered subgroup of R>0. Here we note:

Lemma 7.7. The (complete) theory of regularly dense ordered abelian groups
A such that [p]A = pe(p) for all prime numbers p, admits elimination of
quantifiers after extending it by definitions as follows: augment its language
{<, 0,−,+} by extra unary predicates Dn (n > 0), with defining axioms

∀x
(
Dn(x)↔ ∃y(x = ny)

)
.

This follows easily from our earlier remark on the extendability of isomor-
phisms between pure ordered subgroups of models of the theory in question.
(Robinson and Zakon [18] state model completeness but not the stronger
quantifier eliminability.)

Proof of Theorem 7.5. Consider a formula

ψ(x) := ∃y
(
U(y) ∧ θU (y) ∧ φ(x, y)

)
where φ(x, y) is an Lo-formula, y = (y1, . . . , yn), and θ(y) is an Lom(Σ)-
formula. By the above quantifier elimination for the ordered group G, the
set

{(g1, . . . , gn) ∈ Gn : G |= θ(g1, . . . , gn)}
is a boolean combination of subsets of Gn of the form

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) = 1},
{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) < 1} and

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ G[d]}

where k = (k1, . . . , kn) ∈ Zn and d is a positive integer. (One can even
restrict the d to range over powers pe of prime numbers p with exponent
e ∈ N.) Since G/G[d] is finite, the complement in Gn of a set

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ G[d]}

as above is a finite union of sets of the form

{(g1, . . . , gn) ∈ Gn : χk(g1, . . . , gn) ∈ γG[d]}

where γ ∈ G. Hence ψ(x) is equivalent in (K,G) to a formula

ψ′(x) := ∃z
(
U(z) ∧ φ′(x, z)

)
where φ′(x, z) is an Lo(G)-formula, z = (z1, . . . , zN ). (Here Lo(G) is the
language Lo augmented by names for the elements of G.) The desired re-
sult now follows from Lemma 7.6, and quantifier elimination for real closed
ordered fields. This concludes the proof.
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Question: do the results in this section have good analogues for structures
like (R, 2Z, 3Z) and (R, 2Q, 3Q)? This question was raised at the end of [3],
but comes up in a very different way in [13]. Note that (C, 2Z, 3Z) can be
viewed as (C,Γ∗) where Γ is the group 2Z3Z with distinguished subgroups
2Z and 3Z, so the complex version of the question is under control.

8. More on the Mann property

We present here some natural examples of groups of infinite rank for
which the Mann property holds effectively. We also show that the Mann
property holds effectively in the cyclic case. This yields the decidability of
some of the theories discussed in the previous two sections. We conclude
with a discussion of the positive characteristic case.

The group of exponentials of algebraic numbers. Let A be the field of
algebraic numbers in C. Then the subgroup exp(A) of C× has the strongest
possible Mann property:

Proposition 8.1. For any c1, . . . , cm ∈ Q×, the equation

c1x1 + · · ·+ cmxm = 1

has the same nondegenerate solutions in exp(A) as in {1}.

To see this we use the following lemma where we assume K is a field with
subfield E, and G and Γ are subgroups of K× with Γ ⊆ G.

Lemma 8.2. Suppose Γ is a pure subgroup of G and each root of unity in
G lies in Γ. Then the following two conditions are equivalent:

(1) for any c1, ..., cm ∈ E× the equation c1x1 + · · · + cmxm = 1 has the
same nondegenerate solutions in Γ as in G;

(2) whenever g1, ..., gn ∈ G are multiplicatively independent over Γ, they
are algebraically independent over E(Γ).

Proof. The implication (1)⇒ (2) is part of Lemma 5.12. Assume (2). Note
that by the hypothesis on Γ the quotient G/Γ is torsion-free. To prove
(1) we can further reduce to the case that this quotient group is finitely
generated. Hence there are g1, . . . , gn ∈ G that generate G over Γ and
are multiplicatively independent over Γ. Then g1, . . . , gn are algebraically
independent over E(Γ). Now apply Lemma 5.14. �

To obtain Proposition 8.1 we apply this lemma withK = C, E = Q, Γ = {1}
and G = exp(A) using Lindemann’s theorem [9] that if a1, . . . , an ∈ A
are linearly independent over Q, then exp(a1), . . . , exp(an) are algebraically
independent (which in particular yields the injectivity of exp |A).

Corollary 8.3. The elementary theories of (C, expA) and (R, exp(A ∩R))
are decidable.
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Algebraic independence for Teichmüller representatives. In this
subsection we fix a prime number p and let k ⊇ Fp be a perfect field of
characteristic p. Let W [k] denote the ring of Witt vectors over k, let τ :
k→W [k] be the Teichmüller character, and π : W [k]→ k the residue map
(so π ◦ τ = idk). We consider W [k] as a ring extension of W [Fp] = Zp; thus
the fraction field W (k) of W [k] is a field extension of the fraction field Qp

of Zp.

Theorem 8.4. Put T := τ(k×), a subgroup of W (k)×. Then
(1) T has the Mann property;
(2) whenever a1, . . . , an ∈ k× are multiplicatively independent, then their

images τ(a1), . . . , τ(an) are algebraically independent over Qp.

Proof. By extending k we can make k algebraically closed so that F ac
p is an

elementary substructure of k. By [5] this makes the two-sorted structure(
W [F ac

p ],F ac
p ;π, τ) an elementary substructure of

(
W [k],k;π, τ). (Here the

underlying sets of the two sorts are indicated on the left of the semicolon
and are equipped with their ring structure, and π and τ indicate the obvious
maps between these one-sorted reducts.) The subgroup τ(F ac

p
×) of W (F ac

p )×

consists of roots of unity, so by [12] it has the Mann property. Now (1) and
(2) follow from

(
W [F ac

p ],F ac
p ;π, τ) �

(
W [k],k;π, τ) and Lemma 5.12. �

This ties up a loose end from [5]. At the end of that paper, the first author
related a comment by Hrushovski to the effect that all Z-linear relations
between elements of T are generated by the Z-linear relations among the
roots of unity in T . The reference to [7], however, did not suffice for the
first author to understand this comment. The argument above might be
different from what Hrushovski had in mind.

Incidentally, the complete axiomatization in [5] of structures like
(
W [k], T

)
contains a red herring, namely an axiom scheme that describes the Z-linear
relations among the elements of T . This axiom scheme is never used in the
proof of the Theorem in [5]! To set the record straight, here is what this
proof gives:

Theorem 8.5. Consider the L(U)-theory whose models are the structures
(B,G) such that B is a henselian valuation ring with fraction field of char-
acteristic 0, perfect residue field k of characteristic p > 0, maximal ideal pB,
and such that G ⊆ B is closed under multiplication and is mapped bijectively
onto k× by the residue map B → k.

Two models of this theory are elementarily equivalent if and only if their
residue fields are and their value groups are.

Here the value group of a model (B,G) is the value group of the valuation
on the fraction field of B that has B as its valuation ring, and this value
group is viewed as an ordered abelian group. The notation used here is a
tiny bit different from that in [5], where (B,G ∪ {0}) instead of (B,G) is
considered.

Theorem 8.4 now has the following variant:
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Corollary 8.6. Let (B,G) be as in Theorem 8.5, and let K be the frac-
tion field of B. Then G is a subgroup of K× with the Mann property, and
whenever g1, . . . , gn ∈ G are multiplicatively independent, then g1, . . . , gn are
algebraically independent (over the prime field Q).

Proof. Passing to a suitable algebraic extension field of K and replacing B
by its integral closure in that extension (without changing the residue field
or G) we can arrange that the value group is a Z-group, so that (B,G) ≡
(W [k], T ). Now apply Theorem 8.4. �

Effectiveness of the Mann property in the cyclic case. The proofs in
[6], [10] and [17] that finitely generated multiplicative groups in characteris-
tic zero have the Mann property are not effective. Here we give an effective
proof in the cyclic case. Let K be a field and a ∈ K×.

Proposition 8.7. The group aZ has the Mann property.

Proof. This is obvious when K has characteristic p > 0, and also when K
has characteristic 0 and a is either a root of unity or transcendental over
Q. Assume that K has characteristic 0 and a is algebraic over Q but not
a root of unity. Then we have an absolute value | · | on the field Q(a) such
that |a| > 1. Consider a tuple k = (k1, . . . , kn) ∈ Zn of nonzero integers,
n ≥ 1, and define E(k) as the set of all tuples (e1, . . . , en) ∈ Nn such that
0 = e1 < · · · < en, k1a

e1 + · · · + kna
en = 0 and k1a

e1 + · · · + kma
em 6= 0

for each positive m < n. It suffices to show that then E(k) is finite. Let
(e1, . . . , en) ∈ E(k). Note that n > 1. By descending induction on positive
m < n we shall obtain a bound B(m) ∈ R>0, depending only on k,m, n, a
but not on (e1, . . . , en), such that that em+1 − em ≤ B(m). From

k1 + · · ·+ kn−1a
en−1 + kna

en = 0

we obtain |kn||a|en ≤ (|k1|+ · · ·+ |kn−1|)|a|en−1 , so

en − en−1 ≤ log|a|
|k0|+ · · ·+ |kn−1|

|kn|
.

If the base |a| logarithm on the right hand side is < 1, then E(k) = ∅.
Assume it is ≥ 1 and denote it by B(n − 1). Let 1 < m < n, and suppose
B(m), B(m + 1), . . . , B(n − 1) ∈ R>0 have the desired property. Let α be
the least of the numbers

|km + km+1a
i(m+1) + · · ·+ kna

i(n)|

such that 0 < i(m+ 1) < · · · < i(n) and

i(m+ j) ≤ B(m) + · · ·+B(m+ j − 1) for j = 1, . . . , n−m.

Then k1 + · · ·+km−1a
em−1 +aem(km +km+1a

i(m+1) + · · ·+kna
i(n)) = 0 with

i(m+ 1) := em+1 − en, . . . , i(n) := en − em, so

|a|emα ≤ (|k1|+ · · ·+ |km−1|)|a|em−1 .
38



Hence

em − em−1 ≤ log|a|
|k1|+ · · ·+ |km−1|

α
.

If the base |a| logarithm on the right hand side is < 1, then E(k) = ∅.
Assume it is ≥ 1 and denote it by B(m − 1). This bound has the required
property. �

This proof is effective: it leads to an algorithm that, given any irreducible
polynomial f(T ) ∈ Q[T ], decides whether f(ζ) = 0 for some root of unity
ζ ∈ C, and if not, constructs for a ∈ C such that f(a) = 0 and any tuple
k ∈ Zn of nonzero integers, n ≥ 1, the finite set E(k) defined in the proof
above.

Corollary 8.8. Given any a ∈ C×, the elementary theory of (C, aZ) is
decidable. Given any algebraic a ∈ R>0, the elementary theory of (R, aZ) is
decidable.

The second claim depends also on a remark at the end of [3].

The positive characteristic case. Let p be a prime number. While the
multiplicative group of F ac

p is of rank 0, it fails, of course, to have the Mann
property. But we can use Lemma 5.15 to produce a natural class of infinite
subgroups of this multiplicative group with the Mann property.

Recall that each nonzero a ∈ F ac
p is a primitive N th root of unity for a

unique positive integer N , and that this N is not divisible by p. Conversely,
for each positive integer N not divisible by p there is a primitive N th root
of unity in F ac

p .

Theorem 8.9. Let P be a finite set of prime numbers 6= p, and let S(P )
be the set of positive integers all whose prime factors are in P . Then the
subgroup

G := {a ∈ F ac
p : aN = 1 for some N ∈ S(P )}

of the multiplicative group of Fac
p has the Mann property.

Proof. Take a power q = pe with e ≥ 1 such that l|q − 1 for all odd l ∈ P ,
and 4|q − 1 in case 2 ∈ P . For each l ∈ P , take a primitive (ln)th root of
unity ζ(l) in Fq where ln|q − 1 and ln+1 6 |q − 1, so n = n(l) ≥ 1.

Claim. Let Γ be the subgroup of F×q generated by the ζ(l) with l ∈ P .
Then G has the “same” Mann property over Fq as its finite subgroup Γ,
that is, each equation a1x1 + · · · + amxm = 1 with m ≥ 1 and all ai ∈ F×q
has the same nondegenerate solutions in Γ as in G.

To prove this claim, consider an l ∈ P , and let n = n(l). Then Fq does not
contain a primitive (ln+1)th root of unity. But ln+1|ql − 1, so the extension
Fql of Fq does have a primitive (ln+1)th root of unity x with xl = ζ(l),
and has prime degree l over Fq, hence the polynomial X l − ζ(l) ∈ Fq[X] is
irreducible. Moreover, ln+2 6 |ql − 1, and if λ ∈ P , λ 6= l, then λν+1 6 |ql − 1
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with ν := n(λ). Let Γ′ be the subgroup of F×
ql generated by Γ and an x

with xl = ζ(l). Then Γ′ ⊆ G has the same Mann property over Fq as Γ,
by Lemma 5.15. Also, Γ′ is the subgroup of F×

ql generated by this x and
the ζ(λ) with λ ∈ P , λ 6= l. Thus the procedure that took as input Fq,Γ
and produced Fql ,Γ′ can be repeated by taking the latter as a new input
(and instead of l any element of P ). In this way we produce larger and
larger subgroups of G with the same Mann property as Γ over Fq. Taking a
suitable union we get all of G. �

This proof is effective, so the elementary theory of (F ac
p , G) is decidable for

G as in the theorem. Note that the group G in the theorem is isomorphic
to the direct product of the Prüfer groups Z(l∞) with l ∈ P ; in particular,
G is divisible, and thus (F ac

p , G) is ω-stable.

Question: are there subgroups of the multiplicative group of F ac
p with the

Mann property that are not contained in any G as in the theorem?

We finish by characterizing the multiplicative groups in extension fields of
Fp with the Mann property in terms of their algebraic parts:

Proposition 8.10. Let K be any extension field of Fp, and let G be a
subgroup of K×. Then G has the Mann property if and only if the following
two conditions are satisfied:

(1) its subgroup Γ := {γ ∈ G : γ is algebraic over Fp} has the Mann
property;

(2) whenever g1, ..., gn ∈ G are multiplicatively independent, they are
algebraically independent over Fp.

Proof. Suppose G has the Mann property. Then, given any c1, . . . , cm ∈ Fp

the equation c1x1 + · · ·+ cmxm = 1 has the same nondegenerate solutions in
Γ as in G: a nondegenerate solution in G outside Γ would produce infinitely
many nondegenerate solutions in G by applying powers of the Frobenius
map to the solution. Thus (1) and (2) hold by Lemma 8.2.

Conversely, if (1) and (2) hold, then G has the Mann property, again by
Lemma 8.2. �

Final comments. After submitting the paper we learned of overlap with
existing work: Boxall [1] and Scanlon and Voloch [19] contain Theorem 8.9
(with very different proofs from ours), and [19] also answers the question
just before Proposition 8.10 affirmatively, assuming two widely believed con-
jectures in number theory. Poizat [16] contains special cases of Theorem 6.8.

References
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